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Preface

This thesis considers topics in two sub-fields of statistics—interpretable dimensionality reduction (Chap-

ter 2 and Chapter 3) and selective inference (Chapter 4, Chapter 5, and Chapter 6).

Interpretable dimensionality reduction concerns the problem of reducing a large dataset into a smaller one,

while still ensuring the smaller dataset is readily interpretable. We consider the fundamental dimensionality

reduction task of selecting the subset of variables that is most representative of the entire dataset. In

Chapter 2, we show that two popular methods for this task, Column Subset Selection (CSS) and Principal

Variables, are equivalent. This insight enables us to derive new methods for performing scalable CSS when

(1) we have summary statistics in place of unit-level data, or (2) some of the unit-level data is missing

and/or censored. In Chapter 3, we present a generative view of both of these methods. Specifically, we show

that CSS and Principal Variables can both be interpreted as performing maximum likelihood estimation

within a certain semi-parametric model. Within this model, we establish suitable conditions under which

the CSS estimate is consistent in high dimensions, specifically in the proportional asymptotic regime where

the number of variables over the sample size converges to a constant. Our generative viewpoint also leads

to novel methodology for selecting the subset size for CSS/Principal Variables in a principled way.

Selective inference concerns the problem of drawing inferences after selection of a data-dependent infer-

ential question. In Chapter 4, we provide a simple and unifying framework for conditional selective inference

that is centered on p-values. Specifically, we introduce selectively dominant p-values, a class of p-values that

enable us to easily perform inference after selection. We give an exact characterization of when p-values

are selectively dominant and argue that essentially all commonly used p-values are selectively dominant. In

Chapter 5, we use our framework to study the inference on winners problem. We o!er greater clarity on

the behaviors and properties of existing inference on winners methods, while also generalizing them to new

settings. We also identify a class of problems for which the conditional selective inference approach attains

optimal power, but existing simultaneous inference approaches are powerless. In Chapter 6, we motivate a

very broad and general class of rank verification problems that arise in a variety of di!erent domains. We use

our framework to derive a new inferential method for these problems that dominates existing simultaneous

inference approaches, and we demonstrate our method’s e”cacy and versatility by applying it to a wide

range of real-world problems.
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Chapter 1

Introduction

This thesis considers topics in two sub-fields of statistics—interpretable dimensionality reduction (Chap-

ter 2 and Chapter 3) and selective inference (Chapter 4, Chapter 5, and Chapter 6). The material in

Chapter 2 and Chapter 3 is taken entirely from Sood and Hastie [2025], and the material in Chapter 4,

Chapter 5, and Chapter 6 is taken largely from Sood [2024] and Sood [2025].

The introduction serves to provide some motivation and background on these areas, including a high-level

review of related literature. We will continue to mention other related works throughout the thesis when

relevant.

1.1 Interpretable dimensionality reduction

In modern data applications, it is common to reduce a large dataset into a smaller one, either for storage

e”ciency or ease of downstream analysis. As methods become more complex, it is increasingly desirable for

this reduced dataset to be interpretable.

The first part of this thesis considers the dimensionality reduction task of selecting a subset of variables

that is most representative of the entire dataset. We will establish an equivalence between two popular

methods for this task, Column Subset Selection (CSS) and Principal Variables. Via this equivalence, we

provide a generative view of both methods, as well as other extensions and generalizations.

1.1.1 Motivation

The textbook approach to dimensionality reduction is Principal Components Analysis (PCA) [Jolli!e,

2002]. PCA projects the observed data onto a small set of variance-maximizing axes. Ultimately, the reduced

dataset consists of linear combinations of the original variables, and these resulting linear combinations are

referred to as principal components.

The diverse range of perspectives on PCA has fostered many useful theoretical and methodological

insights. For example, although PCA’s objective is typically written in terms of unit-level data, it can also

be written solely in terms of the data’s covariance [Pearson, 1901]. This covariance characterization turns

out to provide a more fundamental view of the problem, and Okamoto and Kanazawa [1968] strengthen

PCA’s theoretical foundation by using it to establish the method’s simultaneous optimality for a large class

1



CHAPTER 1. INTRODUCTION 2

of objectives. Another example is probabilistic PCA (PPCA), a generative variant of PCA developed in

Tipping and Bishop [1999]. PPCA broadens PCA’s scope by enabling the application of standard statistical

tools (e.g. likelihood ratio testing, expectation-maximization, Bayesian inference).

Unfortunately, the linear combinations that PCA outputs are typically dense and di”cult to interpret.

The field of interpretable dimensionality reduction has emerged largely in response to this phenomenon, and

it is spearheaded by methods that output sparse linear combinations of the original variables [d’Aspremont

et al., 2004, Jolli!e et al., 2003, Witten et al., 2009, Zou et al., 2006]. These sparse variants of PCA provide

more interpretable results by simplifying the relationship between the reduced and original dataset. Methods

like CSS and Principal Variables that select a subset of the original variables simplify this relationship as

much as possible and, consequently, can be viewed as PCA’s sparsest and most interpretable alternatives.

In the first part of this thesis, we aim to provide for CSS the same diverse set of viewpoints that

are available for PCA. In Chapter 2, we show that Principal Variables, which is characterized in terms

of covariances rather than unit-level data, solves the exact same problem as CSS. Following this insight,

we provide a generative variant of CSS in Chapter 3 that facilitates the application of statistical tools.

These covariance and generative viewpoints lead to novel methodological and theoretical insights for several

problems in interpretable dimensionality reduction.

1.1.2 Background

To provide the necessary context for Chapter 2 and Chapter 3, we give a detailed description of CSS,

Principal Variables, and the relationship (or lack thereof) between their corresponding literatures.

In the CSS problem we aim to choose k of p columns from a data matrix X ↑ Rn↑p that best linearly

reconstruct the rest:

argmin
S↓[p]:|S|=k

min
B↔Rk→p

⇑X →X•SB⇑
2
F (1.1)

Here, X•S denotes the sub-matrix of X containing columns with indices in S. While computing the exact

optimum in (1.1) is NP-complete [Shitov, 2021], a vast approximation literature [Boutsidis et al., 2009,

Civril and Magdon-Ismail, 2012, Deshpande and Rademacher, 2010, Drineas et al., 2008, Farahat et al.,

2015, Ordozgoiti et al., 2018, Tropp, 2009] has produced tractable algorithms with successful applications

in epidemiology [Fink et al., 2007, Nowaková et al., 2021], networking [Tripathi and Reza, 2020], business

[Boutsidis et al., 2008], imaging [Krömer et al., 2018, Strauch, 2014, Wang et al., 2015], and low-rank matrix

approximation [Boutsidis et al., 2014, Dan et al., 2015].

Prior to gaining popularity in computer science, the CSS problem first garnered attention in the numerical

linear algebra community. Many foundational works in numerical linear algebra, past and present, study

criteria similar to CSS [Baker and DeGroat, 1998, Bischof and Quintana-Ort́ı, 1998, Chan, 1987, Chan

and Hansen, 1994, Chandrasekaran and Ipsen, 1994, Chen et al., 2023a, Foster, 1986, Golub, 1965, Gu

and Eisenstat, 1996, Gu and Miranian, 2004, Hong and Pan, 1992, Pan, 2000, Pan and Tang, 1999, Stewart,

1999a, 1998, 1999b]. The articles referenced in the previous paragraph extend this line of research by focusing

specifically on the CSS problem and providing either improved theoretical guarantees or superior empirical

performance for the objective (1.1).

Principal Variables [McCabe, 1984] puts a non-degenerate N(0,!) model on the observed data and

suggests selecting a subset of “principal variables” according to various information criteria. The most
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popular of the four criteria suggests selecting the subset S that solves

argmin
S↓[p]:|S|=k

Tr(!→S →!→S,S!
→1
S !S,→S) (1.2)

where →S is the complement of S and !S and !→S are the principal submatrices of ! whose rows and

columns are subseted by S and →S respectively. In practice, an estimate !̂ of the covariance matrix is used

in (1.2). Like the CSS literature, the Principal Variables literature has produced approximation algorithms

[Brusco, 2014, Cadima et al., 2004, Guo et al., 2002, Masaeli et al., 2010, Wei and Billings, 2006] that have

enjoyed application in a number of fields, including psychology [Fehrman et al., 2017, Ladd and Golter,

1988], imaging [Chang et al., 1999], and the natural sciences [Eitrich et al., 2007, Isaac et al., 2014].

Expectedly, each thread of literature has something fruitful to o!er: principal variables have strong sta-

tistical motivation and practitioners can find them in settings where only covariance or correlation estimates

are available. We provide examples of such settings in Section 2.2. The CSS literature places larger emphasis

on providing algorithms with theoretical guarantees and minimal computational and storage complexity.

Despite similarities between the methods, the CSS and Principal Variables literatures have existed entirely

independently. For example, Masaeli et al. [2010] pose a regularized matrix reconstruction problem in the

style of (1.1), but cites Principal Variables as motivation and makes no reference to any CSS literature.

1.2 Selective inference

Selective inference is a sub-field of statistics that allows practitioners to make valid inferences even when

the underlying statistical question is chosen by a data-driven selection process. However, many selective

methods, which operate by conditioning on the selection event, can be di”cult to derive, hard to implement,

and exhibit counter-intuitive behavior. To statisticians outside of the sub-field, each selective procedure may

seem to come from a di!erent argument or approach.

The second part of this thesis provides a unifying framework for selective inference centered around p-

values. So long as a statistician knows how to compute traditional p-values, our framework enables them

to easily deliver valid hypothesis tests and confidence intervals, even when the inferential question at hand

arose from an arbitrary, albeit known, selection procedure. Our framework (1) can greatly simplify the

process of designing new selective methods and (2) results in more natural and general derivations of some

existing selective methods, allowing for a deeper understanding of their behavior as well as new variations

and extensions. After presenting the framework in Chapter 4, we apply it to derive new methodological and

theoretical results for two canonical selective inference questions—inference on winners in Chapter 5 and

rank verification in Chapter 6.

1.2.1 Motivation

To motivate the need for a fresh view of selective inference, we recall the age-old task of making inferences

from the largest observation. Considering Gaussian data X ⇐ N(µ, In) with unknown mean µ, the largest

observation W = argmaxi↔[n] Xi may well correspond to the largest mean. Therefore, a natural way to verify

the existence of a large µi is to give a lower confidence bound (LCB) for µW , the mean of the winning value.

Traditionally, we provide such an LCB via Sidak’s simultaneous approach. Let z1→ω denote the 1 → ω
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Figure 1.1: The first panel (left) shows the growth of the quantile z1→ωn as a function of the dimension n.
The second panel (right) gives the distance between the level ω = 0.1 conditional LCB and the winner XW

as a function of the gap XW → XR between winner and the runner-up. For dimensions n = 1, 10, 100, 1000,
it also gives the distance from XW to the level ω = 0.1 simultaneous LCB.

quantile of a standard normal distribution and define ωn = 1→ (1→ω)1/n. Sidak’s approach tells us that the

lower bounds µi > Xi→z1→ωn all simultaneously hold with probability 1→ω. Therefore, µ̂simul = XW→z1→ωn

is a valid lower bound for µW that holds with probability at least 1→ ω. Performing simultaneous inference

on n means, however, comes at a cost. As n grows, the quantile z1→ωn grows as well (depicted in the left

panel of Figure 1.1), and the distance from the winning observation to the LCB correspondingly increases.

The more modern selective approach suggests providing an LCB that is valid conditionally on W . This

approach provides inferences solely for the winning mean µW , so we may hope that it avoids the simultaneous

inference’s curse of dimensionality. Following the recipe of Fithian et al. [2017] (see Appendix B.8 for details),

one finds that the conditional LCB µ̂cond is the infimum of the confidence region

{µ0 : µ0 > XW → Quantile(1 → ω, TN(0, 1, XR → µ0,≃))}, (1.3)

where XR is the runner-up (second largest) observation and TN(µ, ϖ2, a, b) is a N(µ, ϖ2) distribution trun-

cated to lie in the interval (a, b).

The conditional LCB (1.3) is near impossible to parse at first glance, but it turns out to have some very

interesting properties. As plotted in right panel of Figure 1.1, the distance XW → µ̂cond between the winner

and the conditional LCB is purely a function of the gap XW → XR between the winner and runner-up. If

the gap between XW and XR is large, then the conditional LCB for µW will be roughly XW → z1→ω, i.e.,

what we expect in a one-dimensional inference problem. But as the runner-up gets close to the winner,

the conditional LCB explodes quickly to →≃ and gives much worse inferences than the classical approach.

In summary, the conditional method appears to avoid the curse of dimensionality when the winner is well

separated, but when it is not, the consequences can be tremendous.

The motivation for our framework comes from the following fact: the conditional LCB becomes shockingly

simple to parse once written in terms of p-values. Suppose we wanted just to check whether each LCB was

non-negative, i.e., we used each LCB solely to verify the existence of a positive mean. Typically, we verify

the existence of a positive mean by using the p-values pi = 1→#(Xi) to test the nulls H0,i : µi ⇒ 0. It turns
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out that the simultaneous LCB verifies the existence of a positive mean when smallest of these p-values p(1)

is at most ωn. In contrast, the conditional LCB does so when the ratio of the two smallest p-values p(1)/p(2)

is at most ω.

At least when the p-values pi are uniform under the null, there appears to be a simple and intuitive

proof for the conditional procedure’s validity (much simpler than our derivations in Appendix B.8): under

the null, the smallest p-value p(1) should be uniform on [0, p(2)], so we should control error if we reject

when p(1) ⇒ ωp(2). But the question remains, does this argument go through when p-values are not exactly

uniform? If not, why does it work in the Gaussian case?

The framework we develop in Chapter 4 gives a complete answer to these questions. It identifies a broad

class of p-values for which the sort of argument we have outlined above goes through. Beyond inference on

winners, it turns out to encompass a comprehensive set of selective inference problems, and it provides a

clearer view on how selective methods behave and are derived. As we illustrate throughout the article, our

framework serves to both deepen our understanding of existing methods in the selective inference literature,

as well as enable easy design of new selective inference procedures.

1.2.2 Background

The field of modern conditional selective inference was started by the seminal work Lee et al. [2016b] and

has been the subject of much academic research over the last decade [Benjamini et al., 2019, Chen et al.,

2023b, Chen and Witten, 2023, Fithian et al., 2015, 2017, Gao et al., 2024, Hyun et al., 2021, Lee and Taylor,

2014, Loftus and Taylor, 2015, Panigrahi et al., 2024, Taylor and Tibshirani, 2018, Taylor et al., 2014, 2016,

Tian and Taylor, 2018, Tian et al., 2018, Tibshirani et al., 2016]. Alongside this contemporary body of work,

there is an earlier line of work that studies drawing inferences from data-dependent questions, particularly

as it pertains to rank verification Bofinger [1985a], Fabian [1962], Gutmann and Maymin [1987], Hsu [1981a],

Maymin and Gutmann [1992]. Outside of conditional selective inference, there is a class of selective methods

that avoid conditioning on the selection event (e.g, [Romano et al., 2014, Zrnic and Fithian, 2024]), but

Perry et al. [2024] suggest empirically that such approaches may be less powerful than their conditional

counterparts, and we provide some theoretical justification to this claim.

We point out a few articles that are most relevant to our framework. For continuous data (i.e., non-

discrete data) Hung and Fithian [2020], Zhao et al. [2019] both identify similar classes of p-values and correct

for selection identically to our approach. Their results, however, only apply when the selection mechanism

selects the p-value for being below a fixed threshold. Our framework is fully general and applies (1) when

the data is non-continuous (including when data is discrete) and (2) for all selection mechanisms, including

those involving randomized selection. Hung and Fithian [2020], Zhao et al. [2019]’s work is done for the sake

of a one-o! application. In contrast, we contextualize our more general theory as the backbone that supports

all of modern conditional selective inference, and demonstrate its applicability across a range of problems.

While we assume the selection procedure is known, Andrews and Kasy [2019], Markovic et al. [2019] consider

settings where the selection mechanism is unknown, and provide either (1) methods for learning the selection

mechanism or (2) theoretical results regarding to what extent the selection mechanism is identified. When

we treat the procedures we derive as global null testing procedures and close them, we get sequential selective

hypothesis testing procedures that are similar to those in Fithian et al. [2015], although the procedures in

Fithian et al. [2015] specifically test two-sided nulls, while our nulls are arbitrary.



Chapter 2

A covariance view of column subset

selection

In this chapter, we establish a mathematical equivalence and conceptual connection between CSS and

Principal Variables. This equivalence is not mathematically di”cult to establish, but it unlocks new per-

spectives that enable us to design novel and useful methodology for several problems in interpretable dimen-

sionality reduction. Particularly, it leads to two applications.

Scalable CSS without unit-level data: We introduce fast algorithms for performing CSS when only

summary statistics are available. To demonstrate our algorithms’ e”cacy, we provide a real world example

where BlackRock, our industry a”liate, wants to perform CSS but only has access to a covariance estimate.

Our insights enable us to perform CSS in this setting, and our novel algorithms enable us to run the appro-

priate experiments, which would take days using current methods, in less than three minutes.

CSS with missing and/or censored data: The equivalence between CSS and Principal Variables sug-

gests a natural workflow for performing CSS when data is missing and/or censored: model the missingness

and/or censorship, produce a covariance estimate that is reasonable under this model, and perform CSS

using this covariance estimate. As an illustrative example, we use this workflow to propose a simple and

novel procedure for performing CSS with missing-at-random data. In a simulation study where we sample

data from Chapter 3’s generative model and omit entries at random, our method always selects the correct

subset while the best competing method selects it less than half the time. We also confirm that our method

outperforms existing methods on a real dataset.

To start, we introduce some notation and preliminaries. The same notation will be used in Chapter 3.

6
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2.1 Notation and preliminaries

We use the following linear algebra notation. All matrices are bolded capital letters. We use ||A||F to

denote the Frobenius norm of the matrix A ↑ Rp↑q. We denote the Moore-Penrose inverse, or pseudo-

inverse, of A by A
+, and the ith row and jth column of A by Ai• and A•j respectively. For subsets

S ⇓ [p] = {1, . . . , p} and T ⇓ [q], AS,T is the |S| ⇔ |T | sub-matrix of A with rows and columns indexed

by S and T respectively. If we want to index just the rows (resp. just the columns), we use AS• ↑ R|S|↑q

(resp. A•T ↑ Rp↑|T |). Indexing always precedes matrix operations, e.g., A+
S,T = (AS,T )+ ↖= (A+)S,T . When

A ↑ Rp↑p is square, we let AS ↑ R|S|↑|S| denote the sub-matrix with rows and columns both indexed by S.

We denote the determinant of a square matrix A by |A|. For symmetric square matrices A and B, we write

A ↙ B (resp. A ∝ B) if A →B is positive semi-definite (resp. positive definite), and we denote the set of

positive-semi definite matrices as Sp↑p
+ . The p ⇔ p identity matrix is Ip. For a vector x ↑ Rp, we use ⇑x⇑2

to denote the L2 norm of x. The vector xS ↑ R|S| is the sub-vector of x with entries indexed by S. When

appropriate, 0 and 1 (resp. 0 and 1) refer to a vector (resp. matrix) of zeros and ones.

We use the following statistics notation. We typically denote random vectors as unbolded capital letters,

e.g., X ↑ Rp, Y ↑ Rq, and X ⇐ (µ,!) means that X has mean µ and covariance !. Generally !Y is Cov(Y ),

but we sometimes write ! for Cov(X) specifically (when unambiguous). Samples drawn from a distribution

are assumed independent and identically distributed (i.i.d). A model refers to a family of distributions.

We will assume that all random vectors X ↑ Rp we consider satisfy E[⇑X⇑
2
2] < ≃.

2.2 The equivalence of CSS and Principal Variables

In this section, we establish a mathematical equivalence and conceptual connection between CSS and Prin-

cipal Variables. This equivalence is not mathematically di”cult to establish, but it unlocks new perspectives

that enable us to design novel and useful methodology for several problems in interpretable dimensionality

reduction. Henceforth, selecting principal variables using ! refers to the following subset search:

argmin
S↓[p]:|S|=k

Tr(!→!•S!
+
S!S•). (2.1)

The subset search (2.1) generalizes the original Principal Variables criterion (1.2) by allowing ! to be

singular. When ! is non-singular, Cauchy’s interlacing theorem [Bhatia, 1997] implies that !S is always

also non-singular, so !
+
S = !

→1
S and our new search problem (2.1) reduces to the original search problem

(1.2).

Proposition 1 establishes an exact mathematical equivalence between CSS (1.1) and Principal Variables

(2.1). It tells us explicitly how we can perform CSS by instead searching for principal variables, and vice-

versa.

Proposition 1 (CSS and Principal Variables are equivalent). Consider a matrix X ↑ Rn↑p and define

!̂ = X
↗
X/n. For any size-k subset S ⇓ [p], the CSS objective (1.1) with X and the Principal Variables

objective (2.1) with !̂ are equal:

min
B↔Rk→p

1

n
⇑X →X•SB⇑

2
F = Tr(!̂→ !̂•S!̂

+

S !̂S•).
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One important consequence of Proposition 1 is that performing CSS on a centered data matrix X is

identical to selecting principal variables using the sample covariance. Conceptually, this suggests viewing

CSS as an estimation problem where the estimand is the population principal variable set (i.e., the principal

variable set one would select using !). This draws a clear parallel between CSS and PCA: both methods

seek to estimate some function of the population covariance, and the typical unit-level data characterization

of each method does so by plugging in the sample covariance as an estimate.

In what follows, we fully develop this point-estimation view of CSS. Consider the typical CSS use case

where X ↑ Rn↑p is a data matrix whose rows are centered i.i.d samples of a p-dimensional random vector

X ⇐ (µ,!). In this setting, it is immediate that the CSS solution (1.1) is the plug-in estimate for the

estimand

argmin
S↓[p]:|S|=k

min
B↔Rp→k

E[⇑(X → µ) →B(XS → µS)⇑2
2]. (2.2)

Proposition 2 confirms that the population CSS subset search (2.2) is equivalent to selecting principal

variables using !. Furthermore, it demonstrates that, even when X does not follow a non-degenerate

Gaussian distribution, the subset selected by Principal Variables is characterized by an interpretable and

desirable optimality criterion: optimal linear reconstruction of the remaining variables (after centering).

Proposition 2 (The CSS estimand). Consider a p-dimensional random vector X ⇐ (µ,!). For any size-k

subset S ⇓ [p], the population CSS problem (2.2) has the same objective as the Principal Variables objective

with !:

min
B↔Rp→k

E[⇑(X → µ) →B(XS → µS)⇑2
2] = Tr(!→!•S!

+
S!S•).

Characterizing CSS in terms of covariances and reframing it as an estimation problem yields a number

of benefits and insights:

1. A more general class of estimators for the population CSS solution (2.2) results from solving (2.1) with

any estimate !̂ of !, not just sample covariance. Henceforth we will refer to solving (2.1) with !̂ as

performing CSS with the covariance !̂. proba

2. It is immediately clear that practitioners can perform CSS in settings where they cannot access unit-

level data but can access covariance or correlation estimates. For example, only the correlation matrix

was available for four of the nine real data examples in Cadima et al. [2004], and in genome wide

association studies practitioners often work with correlation estimates in place of inaccessible unit-

level data [He et al., 2022, Mak et al., 2017].

3. Characterizing CSS as an estimation problem stresses the importance of selecting a subset that gen-

eralizes well. This is in line with recent work from Ordozgoiti et al. [2019] that emphasizes CSS’s

out-of-sample performance and examines the benefits of performing CSS with ς2 regularization. Our

equivalence suggests performing CSS with regularized covariance estimates as an alternative regular-

ization scheme.

4. Similarly, a practitioner may be interested in the quality of their regression coe”cient estimates from

the regression of the remaining variables on the selected subset (i.e., the minimizing B in (1.1)).

Using our covariance view, we show in Appendix A.5.1 that the error of these coe”cient estimates is

well-behaved, even when the practitioner selects a subset via a complex CSS algorithm.
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5. The NP-completeness of CSS implies the NP-completeness of solving (2.1). Equivalently, if X ⇐

N(0,!), ! ↙ 0, finding a size k subset S ′ [p] that minimizes Tr(Cov(X|XS)) is NP-complete.

6. If X ↑ Rn↑p has rank r ∞ min(n, p), we can find Xr ↑ Rr↑p such that X
↗

r Xr = X
↗
X via the

singular value decomposition (SVD) of X. Because X
T
X = X

↗

r Xr, Proposition 1 tells us that the

CSS objective value for any subset S is the same for X and Xr, and thus performing CSS on Xr is

equivalent to performing CSS on X. The time complexity of finding Xr is O(npr), and computing

and then performing CSS on Xr may be much faster than performing CSS directly on X.

2.3 Scalable CSS without unit-level data

Our first application is scalable CSS without unit-level data. We provide novel algorithms that allow

us to e”ciently perform CSS when we can only access covariance estimates and a real-data example that

illustrates these algorithms’ usefulness. These algorithms are made possible by the equivalence drawn in

Section 2.2. We also discuss some other reasonable approaches that perform surprisingly poorly on our real

data example.

2.3.1 Algorithms

As it stands, it is unclear how to e”ciently perform CSS with just a covariance !. The Principal Variables

literature suggests some sophisticated approximation algorithms, but it lacks e”cient implementations of

them. The CSS literature provides e”cient approximation algorithms, but it is unclear how to apply them

when we only have covariance estimates. Proposition 1 implies that we could find X such that ! = X
↗
X/n

and apply existing CSS algorithms to X. Unfortunately, factoring ! in this way has larger time complexity

than some CSS algorithms themselves.

Hence, we derive versions of the greedy algorithm from Farahat et al. [2015] and the swapping algorithm

from Ordozgoiti et al. [2018] that take a covariance ! as input. These two algorithms are the empirically best-

performing and fastest algorithms in the CSS literature, and they can be easily modified to perform subset

search according to other objectives as well, which will be crucial for our application later in Section 3.3.

Working directly with ! allows for a significantly simpler presentation, derivation, and modification of these

algorithms, and our new algorithms maintain the same time complexity as the originals when n ∈ p. For

the interested reader, we discuss how to modify our algorithms to perform subset search according to the

other three Principal Variables criteria in Appendix A.3. We also provide some stylized settings where we

can guarantee that our algorithms find the optimal subset in Appendix A.5.2.

The key insight in deriving our algorithms is writing the CSS objective in terms of residual covariance

matrices. For two mean-zero random vectors X ↑ Rp and Y ↑ Rq we define the residual from the regression

of Y on X as

R(Y, X) = Y →B
↘X B

↘
↑ argmin

B↔Rq→p

E[⇑Y →BX⇑
2
2].

The discussion in Appendix A.6 establishes that R(Y, X) is well defined.

Lemma 1 summarizes what we need to know about residual covariances. In its statement, we adopt the

convention that 0 ·≃ = 0.
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Lemma 1 (E”cient residual covariance update). Consider a random vector X ⇐ (0,!) and a subset

U ′ [p] that does not contain the ith variable. Then the residual covariance for the subset U is given by

!R(X,XU ) = !→!•U!
+
U!U•, and the residual covariance for the subset U ∋ {i} is given by

!R(X,XU↑{i}) = !R(X,XU ) →
εε↗

εi
· Iϖi>0

where ε = (!R(X,XU ))•i = !•i →!•U!
+
U!U,i. That is, we can update !R(X,XU ) when adding variables to

U in O(p2) time, and removing variables from U in O(p2) time if !+
U is known.

Lemma 1 illustrates that CSS amounts to finding a subset S that minimizes Tr(!R(X,XS)), and it also

allows us to quickly update Tr(!R(X,XS)) when we add or remove variables from S. Define the function

f(i,A) = →⇑A•i⇑
2
2/Aii · IAii>0. (2.3)

Considering some U ′ [p], computations in Appendix A.7.17 show that any i ↖↑ U which minimizes

f(i,!R(X,XU )) also minimizes Tr(!R(X,XU↑{i})). This is su”cient for establishing the correctness of the

greedy and swapping algorithms we present below.

Greedy subset selection: Our greedy algorithm (Algorithm 1) starts with the empty subset S(0) = {}

and, on iteration t, finds S(t) by adding the variable to S(t→1) that minimizes Tr(!R(X,X
S(t) )). It termi-

nates after k iterations and returns S(k). Alternatively, we can allow it to iterate until Tr(!R(X,X
S(t) )) is

su”ciently small. Algorithm 1’s time complexity is O(p2k). A nice property of greedy subset search is that

greedily selected subsets of di!erent sizes are nested: upon finding the greedily selected size-k subset, we

have necessarily found the greedily selected subsets of size k → 1, . . . , 1 in the process.

Algorithm 1 Greedy Subset Selection

Input: covariance matrix !, number of columns to select k

procedure greedy subset selection(!, k)

S(0)
△ {}

!R(X,X
S(0) ) △ !

for t = 1, . . . , k do

i↘ △ argmini ≃↔S(t↓1) f(i,!R(X,X
S(t↓1) )) ↼ f is from (2.3), arbitrarily break ties

S(t)
△ S(t→1)

∋ {i↘}

Compute !R(X,X
S(t) ) from !R(X,X

S(t↓1) ) using Lemma 1

return: S(k)

Subset selection via swapping: On each iteration of our swapping algorithm (Algorithm 2) we loop

through our currently selected subset S and swap each selected variable out for the variable that most

reduces Tr(!R(X,XS)). If no swap reduces Tr(!R(X,XS)) for a particular selected variable, then we keep

that variable in S. This is reminiscent of coordinate descent, a procedure that searches for a minimum of

f : Rq
↘ R by iteratively optimizing each coordinate while holding the others fixed. Algorithm 2 terminates

after an iteration where no swaps are made, at which point the algorithm has converged to a kind of local
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optimum. Since each swap strictly reduces the objective value, Algorithm 2 must converge in finite time.

Its time complexity is O(p2k) per iteration. In practice, we run the algorithm multiple times with di!erent

random initializations and take the best resulting subset.

Algorithm 2 Subset Selection by Swapping

Input: covariance matrix !, number of columns to select k, initial selected subset S ↑ [p]k

procedure swapping subset selection(!, k, S)

Scopy △ 0 ↑ Rk

!
+
S △ compute pseudo-inverse of !S

!R(X,XS) △ !→!•S!
+
S!S•

while S ↖= Scopy do

Scopy △ S

for j = 1, . . . , k do

U △ S→j ↼ S→j ↑ Rk→1 is S with Sj removed

!
+
U △ compute !

+
U from !

+
S using [Petersen and Pedersen, 2008, 3.2.7] ↼ Takes O(k2) time

!R(X,XU ) △ compute !R(X,XU ) from !R(X,XS) using Lemma 1

if Sj ↖↑ argmini ≃↔U f(i,!R(X,XU )) then ↼ f is from (2.3)

i↘ △ argmini ≃↔U f(i,!R(X,XU )) ↼ Arbitrarily break ties

Sj △ i↘ ↼ This alters S in place

!
+
S △ compute !

+
S from !

+
U using [Petersen and Pedersen, 2008, 3.2.7] ↼ Takes O(k2) time

!R(X,XS) △ compute !R(X,XS) from !R(X,XU ) using Lemma 1

return: S

2.3.2 An example from BlackRock

We provide a real world application where BlackRock, an industry a”liate of ours, seeks to perform CSS

and only has access to a covariance estimate. BlackRock is currently the largest asset manager in the world.

For proprietary reasons, the data has been anonymized.

BlackRock has a collection of p = 774 thematic investment portfolios and would like to find a small

subset of them that are representative of the remaining. Specifically, they are interested in performing CSS.

Thematic portfolios invest in assets that are tied together by an interpretable common thread, e.g., renewable

energy companies or start-ups in India. It is important to select a subset of portfolios (rather than find linear

combinations of them) so that this thematic structure is maintained.

BlackRock does not have unit-level returns for each portfolio, but they do have a covariance estimate.

After standardizing the returns of each portfolio to have unit variance, we perform CSS using our greedy

and swapping algorithms for k = 1, . . . , 30. For our swapping algorithm, we try 25 random initializations.

The results are presented in Figure 2.1, where we plot the (estimated) average R2 from the regression of

each individual portfolio on the selected subset. For the size six subset found by our swapping algorithm,

this average R2 is above 90%. The swapping algorithm consistently outperforms the greedy one, and for

smaller subset sizes it is able to get the same performance with one less variable. For sake of comparison,

we also plot the average R2 from the regression of each portfolio on the top k principal components. The

principal components maximize this R2 among all possible linear combinations of the portfolios. We find
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Figure 2.1: For the BlackRock example discussed in Section 2.3.2, the average R2 from the regression of each
variable on the selected subset (resp. principal components) versus increasing subset size (resp. number of
principal components).

that the performance gap between PCA and CSS is well worth the trade-o! in interpretability. For smaller

subset sizes, CSS achieves the same performance as PCA while using a subset size that is only one larger

than the number of principal components.

It is important to use e”cient algorithms for problems of this scale. The Principal Variables literature,

which mainly considers p < 100, suggests recomputing the objective from scratch for each new considered

subset [Cadima et al., 2004]. For the BlackRock data, using Algorithm 1 to greedily select a size-30 subset

takes less than a tenth of a second, while this naive approach takes more than six minutes. For subset

selection via swapping, Algorithm 2 typically runs in less than half a second for one initialization, while this

naive approach often takes over an hour (depending on the number of iterations until convergence). We

remark that although the swapping algorithm finds better subsets, the greedy algorithm has comparable

performance and is notably faster, especially considering it only needs to be run once for the largest k of

interest.

2.3.3 Other approaches

Another approach to finding approximate CSS solutions is formulating a convex relaxation of the original

objective [Balzano et al., 2010, Masaeli et al., 2010, Wang and Singh, 2017]. The group lasso [Yuan and Lin,

2006] provides one such natural convex relaxation:

argmin
B↔Rp→p

⇑X →XB⇑
2
F + ↽

p∑

i=1

⇑B
T
i•⇑2 (2.4)

For large values of ↽, the solution to (2.4) has many zeroed-out rows, i.e., many variables are not used in the

reconstruction. This suggests the following procedure for CSS: tune ↽ in (2.4) to yield exactly k non-zero
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rows and select the variables corresponding to these rows. Another approach from Masaeli et al. [2010],

Convex Principal Feature Selection (CPFS), solves (2.4) but with an ς⇐ penalty on the rows of B instead

of a ς2 one.

We can characterize (2.4) solely in terms of covariances and therefore also apply this group lasso approach

to BlackRock’s data. Defining !̂ = X
T
X/n, (2.4) is equivalent to

argmin
B↔Rp→p

Tr(!̂→ 2BT
!̂ + B

T
!̂B) +

↽

n

p∑

i=1

⇑B
T
i•⇑2

Surprisingly, on BlackRock’s data, this group lasso approach performs worse than selecting subsets at

random! Figure 2.1 displays the group lasso’s performance as well as the best performance from 25 randomly

selected subsets. The subset chosen by the group lasso performs notably worse than the best random subset.

We were unable to tractably apply CPFS to the whole dataset, so we tried it on a random sub-sample of

one hundred portfolios. On this sub-sample, CPFS did even worse than the group lasso (results not shown).

Empirically, we found that the group lasso and CPFS systematically pulled in variables that were highly

correlated with those that had already been selected. Our results are another example of convex variable

selection methods performing poorly in settings with high correlation [Freijeiro-González et al., 2022].

2.4 CSS with missing and/or censored Data

The equivalence drawn in Section 2.2 suggests a natural workflow for performing CSS when some data

is missing and/or censored: model the missingness and/or censorship, produce a covariance estimate that is

reasonable under this model, and perform CSS using this covariance estimate.

As an illustrative example of this workflow, we use it to suggest a procedure for performing CSS with

missing-at-random data. Suppose we observe i.i.d samples x(1), . . . , x(n)
↑ Rp and some values are missing-

at-random. Let the set Ir be the indices of samples for which the rth variable is not missing, and Irs be

the indices of samples for which the r and sth variables are not missing. To get a reasonable covariance

estimate !̂, we estimate the pairwise covariances using the not-missing values and then project onto the

positive semi-definite cone:

!̂ = argmin
M↔Sp→p

+

⇑M → ”̂⇑
2
F ”̂rs =

1

|Irs|

∑

i↔Irs



x(i)
r →

1

|Ir|

∑

j↔Ir

x(j)
r







x(i)
s →

1

|Is|

∑

j↔Is

x(j)
s





Projecting a symmetric matrix onto the positive semi-definite cone amounts to setting its negative eigenvalues

to zero. Finally, we apply the algorithms from Section 2.3.1 to !̂.

Using both simulated and real data, we demonstrate that our procedure outperforms the two existing

methods for CSS with missing data. Initial work on this problem by Balzano et al. [2010] uses a greedy

Block Orthogonal Matching Pursuit (BOMP) algorithm to approximately solve a CSS-like objective that

ignores the missing values. In follow-up work, Wang and Singh [2017] mask the missing values and solve a

group lasso penalized problem similar to (2.4).

Briefly, we remark that one could put additional parametric assumptions on the generative model we will

introduce in Chapter 3 and then apply the expectation-maximization (EM) algorithm to handle missingness.

We found this to be too sensitive to the parametric assumptions and the EM algorithm’s initialization to



CHAPTER 2. A COVARIANCE VIEW OF COLUMN SUBSET SELECTION 14

Method % Corr. Subset Selected # Corr. Variables Selected CSS Obj.
Our Method 1.000 4.000 ± 0.000 2.400 ± 0.000

BOMP 0.456 2.191 ± 0.056 3.223 ± 0.025
Group Lasso 0.000 1.713 ± 0.016 5.806 ± 0.037
Random 0.001 0.804 ± 0.023 6.065 ± 0.045

Table 2.1: The proportion of times the correct subset was selected (% Corr. Subset Selected), the average
size of the intersection of the selected subset and correct subset (# Corr. Variables Selected), and the
population CSS objective (CSS Obj.) for the thousand simulated trials described in Section 2.4.1. The ±

reports one standard error. Bold indicates best performance.

work well in practice.

2.4.1 A simple simulation study

We run a simulation study to evaluate the quality of each method. In each trial, we draw n = 200 samples

from a distribution that has p = 20 unit-variance variables. We initially sample a set of k = 4 variables, and

the remaining variables are linear combinations of these four plus a small amount of Gaussian noise (this is

a preview of Chapter 3’s generative model). The simulation setting is constructed so that this ground truth

set of k = 4 variables solves the population CSS subset search (2.2), and therefore can be treated as the

gold standard subset. Prior to running any search algorithms, we randomly omit each observed value with

probability 0.05. The distribution we sample from is described in full detail in Appendix A.1.1.

For each trial, we select a size-four subset using each method. We also select a random size-four subset

as a benchmark. For our method, we use our swapping algorithm and try ten random initializations. For

the group lasso, we find the regularization strength that selects a size-four subset via a binary search. We

run one thousand trials and use three metrics to measure the quality of each method: (1) whether or not

the selected subset Ŝ is exactly equal to the ground truth subset S; (2) the size of the intersection of Ŝ and

S; and (3) the selected subset’s population CSS objective Tr(!→!
•Ŝ!

→1
Ŝ

!Ŝ•
), where ! is the population

covariance. Recovery of the ground truth subset S is indeed a reasonable performance metric as, in our

example, S achieves the lowest population CSS objective among all size-4 subsets.

Table 2.1 documents the results from our simulation. Our method selects the correct subset every time

while BOMP selects it less than half the time and group lasso fails to select it even once. As expected, our

method also achieves the lowest average CSS objective value by a significant amount.

2.4.2 An example with ozone level detection data

We consider the Ozone Level Detection Dataset from the UCI machine learning repository [Dua and

Gra!, 2017]. The dataset has n = 2535 samples of p = 73 variables. So that we can compute a ground truth

CSS objective value for any selected subset, we drop samples with already missing values and are left with

a sample size of n = 1847.

One hundred times, we randomly omit observed values with probability q = 0.05, 0.1, 0.2 and select a size

k = 5, 10, 20 subset using our method and BOMP. For our method, we use our swapping algorithm and only

try one random initialization. We neglect the group lasso approach because it is too slow for a problem of

this scale. Given its noted bad performances, we expect it would have done poorly. To measure a selected

subset’s quality, we compute the CSS objective value it would have attained on the fully observed dataset.
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Figure 2.2: For di!erent amounts of missingness q and subset sizes k, the selected subset’s CSS objective
value on the fully observed Ozone Level Detection data over the hundred trials described in Section 2.4.2.
The red line marks the CSS objective value attained by the subset that was selected using the fully observed
data.

As a benchmark for how well we can expect to do with no missing data, we run our swapping algorithm on

the fully observed dataset with one hundred di!erent random initializations and record the best result.

We provide the results from our experiment in Figure 2.2. Our method significantly outperforms BOMP

in every setting and performs similarly to our no-missing-data benchmark when k and q are not too large.

Also, our method’s performance appears to be less variable than BOMP’s.



Chapter 3

A generative view of column subset

selection

In this chapter, we show that CSS and Principal Variables can both be viewed as maximum likelihood

estimation within a certain semi-parametric model. We call this viewpoint Probabilistic Column Subset

Selection (PCSS). As the name suggests, PCSS provides a generative view of CSS the same way that PPCA

does for PCA.

Aside from o!ering a deeper conceptual understanding of CSS and providing a theoretical statistical

justification for the CSS problem, the generative model underlies an important application in psychology

and psychometrics.

Selecting the subset size for CSS: Supposing we observe data drawn from a generalization of the PCSS

model, we propose a novel and theoretically motivated procedure for selecting an appropriate subset size. We

first verify that our procedure performs well in some di”cult simulated settings, and we then demonstrate

how it can be used to shorten surveys in an automated way. As an example, we apply our procedure to the

Big Five Inventory (BFI), a 44-item personality questionnaire [John et al., 1991]. In less than a tenth of a

second, it suggests cutting the survey by more than half. Importantly, the questions our procedure selects

appear to su”ciently capture the relevant information in the survey.

3.1 CSS as maximum likelihood estimation

In what follows, we show that CSS and Principal Variables can both be viewed as maximum likelihood

estimation within a certain semi-parametric model. We call this viewpoint Probabilistic Column Subset

Selection (PCSS). As the name suggests, PCSS provides a generative view of CSS the same way that PPCA

does for PCA.

We introduce the k-dimensional PCSS model. It posits that each data vector X ↑ Rp arises from the

16
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following two-step sampling procedure:

XS ⇐ F

X→S | XS ⇐ N(µ→S + W (XS → EF [XS ]), ϖ2
Ip→k).

(3.1)

In words, we first sample the k principal variables XS from some distribution F , and then generate the

remaining variables X→S as linear combinations of these principal variables plus spherical Gaussian noise.

The parameters of this model are the set of principal variables S, their distribution F , the remaining variables’

mean µ→S , the regression coe”cients W , and the residual variance ϖ2 > 0. The size of the principal variable

set, k, is fixed and not a parameter in the model.

The relationship between PCSS and CSS is explained by Theorem 1. It says that, in our PCSS model,

any CSS solution is a maximum likelihood estimate (MLE) for S over a non-parametric family of principal

variable distributions F .

Theorem 1 (CSS solution is an MLE). Let x(1), . . . , x(n)
↑ Rp be samples with sample covariance !̂.

For any M < ≃, let PM be the set of distributions in the k-dimensional PCSS model (3.1) where F

admits a probability density bounded by M . Then, so long as no k variables achieve perfect in-sample linear

reconstruction of the remaining variables, any CSS solution

Ŝ ↑ argmin
U⇒[p],|U |=k

Tr(!̂→ !̂•U !̂
+

U !̂U•)

is a maximum likelihood estimator for S in the model PM . Moreover, each Ŝ is a maximum hybrid like-

lihood estimator (see [Owen, 2001, Equation 9.1]) for S in the original model (3.1) where F is completely

unrestricted.

The density bound M < ≃ is only in place to ensure that the likelihood is finite. Otherwise every

subset S results in infinite likelihood. Likewise, if some size-k subset of variables achieves perfect in-sample

linear reconstruction of the remaining (and thus attains the minimum CSS objective value of zero), then the

likelihood for this subset tends to ≃ as we send ϖ2
↘ 0 and technically no MLE exists.

Theorem 1 tells us that any CSS solution is a MLE under the model (3.1), but since the model (3.1) is

not fully parametric, it is not immediately clear that the MLE is a favorable estimate. The usual desirable

properties of the MLE, e.g., consistency, are not automatically guaranteed.

Theorem 2 alleviates these concerns by establishing that, in the high-dimensional regime where tools like

CSS are typically applied, the MLE subset Ŝ from Theorem 1 is consistent for the population subset S.

Further, it tells us that this population subset minimizes the population CSS objective (2.1).

Theorem 2 (High-dimensional consistency of CSS). Suppose we observe n samples x(1), . . . , x(n)
↑ Rp from

a distribution P in the k-dimensional PCSS model, and consider the proportional asymptotic regime where

p/n converges to a constant as n, p ↘ ≃ while k remains fixed. If, as n, p ↘ ≃, the data generating

distribution satisfies

1. (Light tails) The sub-Gaussian norm (see [Vershynin, 2018, Definition 2.5.6]) of each variable is

bounded above by a constant independent of p and n,

2. (Imperfect reconstruction) The minimum eigenvalue of the principal variables’ covariance CovP (XS)

and the residual variance ϖ2 are both bounded below by a positive constant independent of p and n,
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3. (Important principal variables) For some ⇀ > 0, at least $(p1/2+ϱ) entries in each column of the

regression coe!cients W are bounded away from zero by some constant independent of p and n,

then the MLE subset Ŝ from Theorem 1 is consistent for the population subset S (i.e., limn⇑⇐ P (Ŝ = S) = 1),

which eventually minimizes the population CSS objective (2.1).

A closer examination of Theorem 2’s proof actually tells us that, under the three conditions, the prob-

ability that Ŝ does not equal S shrinks to zero at a super-polynomial rate. The first two conditions of the

theorem are standard regularity conditions. They ensure that the in-sample CSS objective is well behaved

for all size-k subsets. The third condition is a strong identifiability condition for our problem. It ensures

that, compared to other size-k subsets U , the population subset S results in lower reconstruction error for

su”ciently many (but still a vanishing proportion) of the variables in →S \U . Without some such condition,

the population subset S may not even be unique. For the interested reader, Appendix A.4 identifies a more

general high-dimensional setting where the CSS estimate (1.1) is consistent for population CSS solution, but

at the expense of giving a less interpretable statement.

3.2 The subset factor model

By generalizing the probabilistic model (3.1) in which the CSS solution is the MLE, we can motivate

subset versions of other existing probabilistic methods.

In this vein, we introduce the k-dimensional subset factor model, a generalization of our k-dimensional

PCSS model that drops all distributional assumptions and allows the covariance of X→S | XS to be a diagonal

matrix D ∝ 0:

XS ⇐ F ⇁ ⇐ (0,D) ⇁1 ▽, . . . ,▽ ⇁p→k Cov(XS , ⇁) = 0

X→S = W (XS → EF [XS ]) + µ→S + ⇁.
(3.2)

Our k-dimensional subset factor model has a close relationship with the k-dimensional factor model [Mardia

et al., 1979, Section 9.2.1]

Z ⇐ (0, Ik) ⇁ ⇐ (0,D) ⇁1 ▽, . . . ,▽ ⇁p Cov(Z, ⇁) = 0

X = WZ + µ + ⇁,
(3.3)

where again D ∝ 0. In the k-dimensional factor model, each variable Xi is a linear combination of latent

common factors Z ⇐ (0, Ik) plus a mean-zero unique factor ⇁ and a non-random shift µi. In our k-dimensional

subset factor model, an unknown subset of the observed variables act as common factors (once centered),

and the remaining variables are similarly linear combinations of these common factors plus a unique factor

and non-random shift. Moreover, by dropping distributional assumptions and allowing a previously spherical

conditional covariance to be diagonal, our subset factor model generalizes our PCSS model the same way

the factor model generalizes the model used for PPCA.

The subset factor model (3.2) arises naturally from a hybridization of PCA and Factor Analysis that

aims to maintain strengths from both methods. To see how, we must first discuss the advantages and

disadvantages of PCA and Factor Analysis. Factor Analysis enjoys two major benefits over PCA. First,

the factor model (3.3) provides an interpretable generative model for the data. In contrast, PCA has no
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associated generative model. Second, in the factor model, the regression of X ↑ Rp on its lower dimensional

representation Z ↑ Rk has uncorrelated residuals, meaning that Z accounts for all the common variation

in X. If these residuals were correlated, i.e., they jointly varied about their means in some structured way,

that would mean there may be additional meaningful trends in X that Z does not account for. This is

the case in PCA, where the regression of X on its top k principal components typically yields correlated

residuals. Due to the fact that the lower dimensional representation Z is latent and unobserved, however,

Factor Analysis su!ers from a slew of unidentifiability and indeterminancy issues [Anderson and Rubin,

1956, Guttman, 1955, Steiger, 1994]. Proponents of components-based methods are particularly critical of

factor indeterminacy, the fact that the common factors are not uniquely determined, even up to rotation

[Schönemann and Steiger, 1976, 1978, Steiger, 1979, Velicer and Jackson, 1990]. In contrast, components

(linear combinations of the observed variables) are always observed and determined, and they therefore do

not su!er from any of the same issues.

A natural attempt to hybridize PCA and Factor Analysis in a way that inherits strengths from both

methods is to assume a factor model where the factors are themselves components. Then, via an interpretable

generative model, we can recover determined factors that account for all the common variation in X. This

idea has been of great historical interest, but it has repeatedly been emphasized that it is impossible to do

so when all the unique factors ⇁i are required to have positive variance [Guttman, 1955, Schönemann and

Steiger, 1976, Wilson, 1928]. However, if we allow some unique factors to have zero variance, Theorem 3

tells us that, surprisingly, this is equivalent to assuming a subset factor model.

Theorem 3 (The subset factor model compromise). Suppose X ⇐ (µ,!), ! ∝ 0 follows the k-dimensional

factor model (3.3) where the unique factors ⇁i are allowed to have zero variance. Then the common factors

Z can be written as components (i.e., Z = B(X → µ) for some B ↑ Rk↑p) if and only if X follows the

k-dimensional subset factor model (3.2).

3.3 Selecting the subset size

We will use the above generative models to determine the smallest subset size needed to capture some

observed data’s underlying structure. More broadly, the procedure we propose showcases how this chapter’s

generative view facilitates the application of statistical tools in subset selection problems.

Formally, we aim to find k↘, the smallest non-negative integer k for which the k-dimensional subset factor

model (3.2) holds. Recall that the k-dimensional subset factor model consists of distributions satisfying (3.2)

for some size-k factor set S:

XS ⇐ F ⇁ ⇐ (0,D) ⇁1 ▽, . . . ,▽ ⇁p→k Cov(XS , ⇁) = 0

X→S = W (XS → EF [XS ]) + µ→S + ⇁.
(3.2, revisited)

We focus on the subset factor model over the PCSS model (3.1) because it is more general and hence more

representative of the structure we expect to see in real data. An interested reader can find the analogous

discussion for the PCSS model in Appendix A.2.4. Prior to proceeding, we point out that subset factor

models of increasing subset size are nested. This is because any distribution satisfying (3.2) for a set S also

satisfies (3.2) for any superset of S.
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Our approach is to output k̂, the smallest k for which we cannot falsify that the data generating distri-

bution belongs to the k-dimensional subset factor model. Formally, k̂ is the smallest k for which we fail to

reject the null H0,k : |S| ⇒ k that the data is drawn from a distribution satisfying (3.2) for some size-k set

S.

To start, we present an idealized procedure that guarantees a notion of error control. This ideal procedure

controls the probability that the suggested subset size is too large, i.e., that k̂ > k↘. Unfortunately, the

procedure is computationally intractable, and we ultimately use it to motivate a tractable procedure that

performs well in practice. A more technical and detailed discussion of this ideal procedure can be found in

Appendix A.2.

For a fixed k, our idealized procedure rejects the null H0,k : |S| ⇒ k when the statistic Tk is large:

Tk = min
U⇒[p]:|U |=k

T (U), T (U) = n log

(
|Diag(!̂→U → !̂→U,U !̂

+

U !̂U,→U )|

|!̂→U → !̂→U,U !̂
+

U !̂U,→U |

)
(3.4)

The statistic Tk is the generalized likelihood ratio test statistic for testing the null that the data is drawn

from a Gaussian distribution in the k-dimensional subset factor model (see Appendix A.2.1 for details).

Although the test statistic Tk is designed for Gaussians, we will be able to make use of it even in a totally

non-parametric setting. Intuitively, Tk is large when the residual covariance from the regression of X→U

on XU is highly non-diagonal for every size-k subset U . If this is the case, the k-dimensional subset factor

model cannot possibly hold.

In what follows, we determine an appropriate critical value for the aforementioned test. By definition,

the null H0,k : |S| ⇒ k is true exactly when k ∈ k↘. Bearing this in mind, fix some k ∈ k↘. First, we

imagine restricting the subset factor model so that the unique factors ⇁j are Gaussian and independent of

the principal variables XS , which we assume have a density. In this simpler setting, whenever the data

generating distribution satisfies (3.2) for some size-k set S, the statistic T (S) has distribution exactly

n
p→k∑

j=2

log

(
1 +

ϱ̃2
j→1

ϱ2
n→k→j

)
, (3.5)

where {ϱ2
ϑ}, {ϱ̃

2
ϑ} are mutually independent chi-squared random variables with degrees of freedom specified

by their subscript. Thus, rejecting H0,k : |S| ⇒ k when Tk = minU :|U |=k T (U) is larger than the critical value

Qn,p,k(1 → ω) = Quantile




1 → ω, n
p→k∑

j=2

log

(
1 +

ϱ̃2
j→1

ϱ2
n→k→j

)


 (3.6)

results in exact finite sample type I error control at level ω. Surprisingly, even when we make no parametric

assumptions, this same critical value guarantees asymptotic type I error control.

Theorem 4 establishes that, by using the above critical value, our ideal procedure does not suggest a

subset size that is too large with high probability.

Theorem 4 (Error control). Consider n > p samples x(1), . . . , x(n)
↑ Rp from a distribution P and let k↘

be the smallest non-negative integer k for which P belongs to the k-dimensional subset factor model (3.2).

If k̂ is the smallest k for which the test statistic Tk from (3.4) is not strictly larger than the critical value
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Qn,p,k(1 → ω) defined in (3.6), then

lim sup
n⇑⇐

P (k̂ > k↘) ⇒ ω.

That is, our ideal procedure suggests a subset size that is too large with probability at most ω in large

samples. Furthermore, if we restrict the subset factor model (3.2) to have Gaussian unique factors ⇁j that

are independent of the principal variables XS, then the above conclusion holds in finite samples, i.e., P (k̂ >

k↘) ⇒ ω.

With the result of Theorem 4 in mind, we make two remarks about the output k̂ of our ideal procedure.

First, if the test statistic Tk typically exceeds the critical value Qn,p,k(1→ ω) whenever k < k↘ (i.e., the test

is powerful for the nulls H0,k : |S| ⇒ k , k < k↘), our ideal procedure should return k↘ with high probability.

Second, whenever our ideal procedure returns k̂ > k↘, the outputted k̂ should seldom be much larger than k↘.

Since Tk minimizes T (·) over all size-k subsets, the proposed critical value becomes increasingly conservative

when the data generating distribution satisfies (3.2) for many size-k subsets. As k exceeds k↘, the proportion

of size-k subsets for which (3.2) is satisfied grows quickly to one. Also, for k up to ↔(k↘ + p)/2↗, there exist

subsets S for which (3.2) is satisfied with progressively larger symmetric di!erences, and their corresponding

statistics T (S) are accordingly less positively correlated. These facts combined suggest that the probability

of rejecting H0,k : |S| ⇒ k shrinks quickly as k increases past k↘.

Since computing the test statistic T ↘

k requires an exhaustive subset search, our idealized procedure is

admittedly computationally intractable. Still, we can use it as motivation to design a tractable procedure

that works well in practice.

Our practical approach is to find a size-k subset Ŝ that approximately minimizes T (·), and then to reject

the null H0,k : |S| ⇒ k when T (Ŝ) exceeds the same critical value Qn,p,k(1 → ω) as before. We again output

the smallest k for which we fail to reject. Our approach is analogous to how, when the likelihood is not

convex, a statistician may use an approximately maximized likelihood to run a likelihood ratio test (e.g.,

when selecting the number of factors to use in a factor model [Beaujean, 2013]). Appendix A.3 describes

how to modify Section 2.3.1’s algorithms to search for this subset Ŝ.

While our practical procedure does not guarantee error control, we still expect it to output k̂ that will

rarely be much larger than k↘. Again fix k ∈ k↘. So long as our algorithms happen upon just one of the size-k

subsets for which (3.2) is satisfied, we expect that T (Ŝ) will be larger than Qn,p,k(1 → ω) with probability

at most ω (and much less when k is larger than k↘). As mentioned before, the proportion of size-k subsets

for which (3.2) is satisfied quickly approaches one as k increases, and it thus becomes correspondingly more

likely that our approximation algorithms will happen upon such a subset.

Ultimately, if our procedure suggests selecting a size-k̂ subset, we suggest selecting the size-k̂ subset Ŝ

that approximately minimizes T (·). This subset results in the most diagonal residual covariance we can find,

and is thus the subset that best fits the data as per the subset factor model. Also, upon restricting the

subset factor model to multivariate Gaussian distributions, Ŝ acts as an approximation for the MLE of S

(see Appendix A.2.3 for details).

In what follows, we verify that our practical procedure suggests reasonable subset sizes in some di”cult

simulated settings where the number of samples n is not much larger than the number of variables p. Then,

we demonstrate how it can be applied to dramatically reduce the length of a personality survey.
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3.3.1 A simulated example

We consider a di”cult simulated example that reflects the real data example to be presented in Sec-

tion 3.3.2. For each trial, we draw n = 200 samples from a mean-zero distribution in the subset factor model

(3.2) with p = 50 variables and a size k = 20 population factor set S. For context, there are over 47 trillion

size-20 subsets of 50 variables. We consider two cases: one where the unique factors are Gaussian, and

one where they are a collection of independent Rademacher, t-distributed, and centered exponential random

variables. Within both cases we consider distributions with varying amounts of “signal”, which we define to

be the average population R2 from the regression of the variables not in S on those in S. Appendix A.1.2

provides exact descriptions of the distributions we use, and Appendix A.1.3 documents additional results for

other sample sizes n.

For each trial we apply our procedure at level ω = 0.05 and record (1) the size of the selected subset

Ŝ; (2) the size of the intersection of Ŝ and S; and (3) the population sum of square canonical correlations

between the variables in Ŝ and S. The sum of square canonical correlations measures the degree to which

the variables in S and Ŝ span similar subspaces (see Section 3.1 of Schneeweiss and Mathes [1995] for more

detail), and it attains its maximum value of k = 20 when S ⇓ Ŝ. To search for the subset that minimizes

T (·) we use our swapping algorithm and try ten random initializations. Separately, we tried searching for

the minimizing subset via a forward-backward algorithm. Although this approach is faster, the results were

appreciably worse. These additional results as well as a description of our forward-backward algorithm can

be found in Appendix A.1.4.

We provide the results from our simulations in Figure 3.1. As expected, our method under selects when

the signal size is too small. In these cases, the covariance looks reasonably diagonal to begin with, so

it is di”cult to gauge whether more variables are needed to achieve a diagonal residual covariance. For

reasonable to large signal sizes the procedure typically suggests selecting 20 or 21 variables, and it seldom

suggests selecting more than 22. In these settings, the selected subset Ŝ is almost always a superset of the

population subset S. The results when the unique factors are non-Gaussian versus Gaussian look nearly

identical, suggesting that our procedure has reasonable finite sample performance even when the unique

factors are highly non-Gaussian and n is not much larger than p.

3.3.2 Reducing survey length via our procedure

In recent years, psychologists have been increasingly interested in creating shorter versions of existing

surveys. Kruyen et al. [2013] found that, among the 2273 articles that appeared in six peer-reviewed psycho-

logical journals from 2005 to 2010, 170 articles contained abbreviated surveys. Developing a novel shortened

survey was a main contribution in 84 of these articles.

Despite the increasing demand for shortened surveys, there is no standardized way of shortening them.

Psychologists default to a number of arbitrary heuristic approaches that require extensive human labor and

are susceptible to personal biases. Furthermore, reliability, the one concrete and standard measure of a

shortened survey’s quality, is defined in the restrictive setting of classical test theory [Allen and Yen, 2001].

Estimates of reliability are highly sensitive to classical test theory’s assumptions, and these assumptions are

often violated in modern, multi-dimensional settings [McNeish, 2018].

We propose using our procedure to shorten surveys. Essentially, we suggest selecting a subset of questions

that, once accounted for, render the information in the remaining questions independent. To demonstrate
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(a) Gaussian unique factors

(b) Non-Gaussian unique factors

Figure 3.1: For one thousand trials, the size of the selected subset Ŝ (left), the size of the intersection of Ŝ
and the population subset S (middle), and the population sum of squared canonical correlations between the
variables in Ŝ and S (right) for the di!erent simulation settings described in Section 3.3.1. Color indicates
the average population R2 from the regression of the variables not in S on those in S.

.

our procedure’s e!ectiveness, we consider the Big Five Inventory (BFI) [John et al., 1991], a p = 44 question

personality survey. There has been much interest in reducing the BFI survey, as evidenced by articles propos-

ing a 10-question version [Rammstedt and John, 2007], a 15-question version [Gerlitz and Schupp, 2005], and

multiple 20-question versions [Engvik and Clausen, 2011, Tucaković and Nedeljković, 2023, Veloso Gouveia

et al., 2021]. Each question in the survey is attributed to one of the five personality factors [Digman, 1990]:

extraversion, agreeableness, conscientiousness, neuroticism, and openness.

We consider the BFI dataset from Zhang et al. [2022], which has responses from n = 228 undergraduate

students at a large US public university. It can be found on CRAN in the EFAutilities package. We apply

our procedure at level ω = 0.05 and search for the minimizing subset using our swapping algorithm with

just one random initialization (using more than one random initialization gives identical results). Within

less than a tenth of a second, our procedure selects a size-19 subset of the original 44 questions, cutting the

survey in more than half.

As is the case for all shortened surveys, we evaluate the quality of our survey by judging its validity and

reliability [Kruyen et al., 2013]. We point readers who are unfamiliar with validity and reliability to the

relevant introductory sections of Kruyen et al. [2013].

Validity: We evaluate the construct validity of our reduced survey, i.e., the degree to which it captures

the relevant construct of interest. We cannot evaluate predictive validity (the degree to which our survey

is predictive of an external criterion) because we are working with a stand-alone dataset. Examination of

our selected questions suggest they indeed capture the relevant construct of interest. Table 3.1 provides a
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Factor # in Reduced Survey # in Original Survey
Extraversion 4 8
Agreeableness 4 9
Conscientiousness 5 9
Neuroticism 3 8
Openness 3 10

Table 3.1: The number of questions attributed to each of the five personality factors for both the original
and reduced surveys from Section 3.3.2.

breakdown of how many questions are attributed to each personality factor in both the original and the

reduced survey. The selected questions are distributed fairly evenly across the five personality factors, and,

in concordance with best practices [Costello and Osborne, 2005], our method selects at least three questions

per factor. Furthermore, performing a 5-factor exploratory factor analysis reveals that the reduced survey

maintains the original survey’s factor structure, another standard indicator of construct validity [Kruyen

et al., 2013]. Table 3.2 displays the loadings from this factor analysis.

Reliability: Reliability measures the consistency of a survey’s responses across multiple re-administrations

to the same individual. Although defining and estimating reliability relies heavily on the restrictive assump-

tions of classical test theory, it is still of much practical interest to pyschometricians. To measure reliability,

we first split our reduced survey into five sub-surveys, each consisting of questions attributed to the same

factor. Then we compute Cronbach’s coe”cient ω [Cronbach, 1951] for each of these five sub-surveys. For

the sake of comparison, we do the same for the three pre-existing 20-question versions of the BFI survey.

The results are given in Figure 3.2. Along with being similar to the reliabilities of the three pre-existing

surveys, our reliabilities are both (1) within the range of reliabilities one typically sees from shortened sur-

veys [Kruyen et al., 2013, Figure 3] and (2) within the range of reliabilities contemporary pyschometricians

consider adequate [Clark and Watson, 1995]. Admittedly, our method aims to find the most parsimonious

subset, and parsimony can be at odds with reliability. If the practitioner is particularly concerned about

reliability, they can always add additional questions.
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Factor 1 Factor 2 Factor 3 Factor 4 Factor 5
Extraversion 1 0.11 0.77 0.10 -0.06 -0.03
Extraversion 2 -0.14 0.54 0.10 0.25 0.13
Extraversion 3 0.23 -0.54 0.07 0.19 -0.05
Extraversion 4 -0.02 0.81 -0.01 0.10 0.02
Agreeableness 1 0.03 0.17 -0.06 0.47 0.15
Agreeableness 2 0.14 -0.16 0.16 -0.66 0.02
Agreeableness 3 0.12 -0.08 0.21 0.67 0.07
Agreeableness 4 0.35 0.09 -0.06 -0.52 -0.07

Conscientiousness 1 0.10 0.11 -0.01 0.23 0.48

Conscientiousness 2 0.09 0.11 0.14 -0.01 -0.60

Conscientiousness 3 -0.03 -0.09 0.24 -0.03 0.55

Conscientiousness 4 0.06 0.11 -0.02 0.05 0.66

Conscientiousness 5 0.50 -0.03 0.01 0.12 -0.36

Neuroticism 1 -0.57 0.02 0.03 0.05 0.10
Neuroticism 2 0.63 -0.07 -0.15 0.07 -0.08
Neuroticism 3 0.79 0.03 -0.02 -0.13 0.09
Openness 1 0.01 0.11 0.68 0.01 -0.06
Openness 2 -0.10 0.04 0.76 -0.01 0.03
Openness 3 0.05 -0.14 0.50 0.07 0.00

Table 3.2: Factor loadings (after rotation) from a exploratory factor analysis on the reduced 19-question
survey from Section 3.3.2. As is common in the psychometrics literature, loadings with magnitudes larger
than 0.30-0.32 are bolded [Costello and Osborne, 2005].
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Figure 3.2: For the five personality sub-surveys, we give Cronbach’s coe”cient ω with 95% bootstrap CIs
(B = 1000 bootstrap samples) for our survey and the Norwegian [Engvik and Clausen, 2011], Brazilian
[Veloso Gouveia et al., 2021], and Serbian [Tucaković and Nedeljković, 2023] 20-question surveys. The x-axis
gives our number of selected questions per sub-survey. All other surveys chose four questions per sub-survey.



Chapter 4

A simple and unifying framework for

selective inference

In this chapter we develop a simple and unified framework for selective inference centered on p-values.

We first define selectively dominant p-values, a class of p-values that enable us to easily do inference after

selection. We then give a precise characterization of when p-values are selectively dominant and illustrate

that the most commonly used p-values are all selectively dominant. Following this discussion, we proceed by

providing a few examples of how one may apply our selective dominance machinery to easily derive selective

inference methods. As a closing example, we derive a novel, simple, and general data-carving procedure. To

demonstrate this procedure’s e”cacy, we apply it to perform publication-bias aware meta-analysis on a real

dataset. Finally, we provide a brief discussion on the benefits of our new framing of selective inference, and

some commentary on how it fits into the current literature. A more involved discussion of how to apply our

framework to the inference on winners and rank verification problems is deferred to Chapter 5 and Chapter 6

respectively.

For now, we focus on doing inference using one p-value. This allows for easier exposition and is su”cient

for most problems. In Appendix B.16 we generalize our framework to accommodate inferences involving

multiple p-values (provided they obey a specific dependency structure). This enables us to come up with

new adaptive variants of methods that combine p-values, like Fisher’s combination test, and we discuss these

variants in Appendix B.16.1.

4.1 Notation

Throughout this and the remaining chapters, we will often encounter expressions like P (A|X, B), where

P is a probability measure, A and B are events, and X is a random variable. If B is a probability zero event,

i.e., P (B) = 0, we set P (A|X, B) to be identically zero. If not, we can define the conditional probability

measure Q(·) = P (·|B) given the event B, and we consider P (A|X,B) to be the conditional expectation

EQ[IA|X] of the indicator IA under Q. Also, for a null hypothesis H0, the notation PH0 refers to an arbitrary

distribution under the null.

26
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Figure 4.1: The first panel (left) depicts an example distribution of a p-value p under the null. The distribu-
tion stochastically dominates the uniform distribution. The second panel (middle) depicts the distribution
p|S = 1 of the same null p-value p given that it was selected for being most ω = 0.1. This distribution does
not stochastically dominate the uniform distribution. The third panel (right) depicts the null distribution
psel|S = 1 of Theorem 5’s selective p-value p/ω given selection. Thanks to Theorem 5’s correction, this
distribution again is stochastically dominates the uniform distribution.

4.2 Selective dominance

In classical statistics, a p-value is a random variable p ↑ [0, 1] that stochastically dominates the uniform

distribution U ⇐ Unif([0, 1]) under the null H0:

PH0(p ⇒ t) ⇒ P (U ⇒ t) = t for all t ↑ [0, 1].

The left-most panel of Figure 4.1 illustrates what the distribution of a null p-value may look like. When

working with p-values, we maintain Type I error control if we reject H0 when p is small:

PH0(reject null) = PH0(p ⇒ ω) ⇒ P (U ⇒ ω) = ω.

In essence, stochastic dominance allows us to use the uniform distribution as a reference distribution. We

control the probability of p being small under the null by comparing it to the probability of a uniform being

small.

In the problems we consider, we use p to test the null H0 only after it has been “selected”. In full

generality, we consider a p-value p for testing the null H0 that is conditionally valid given some random

vector Z:

PH0(p ⇒ t|Z) ⇒ P (U ⇒ t) = t for all t ↑ [0, 1], a.e. under PH0 . (4.1)

The random vector Z plays an integral role in determining the relationship between p and a binary selection

random variable S ↑ {0, 1}, which takes value one when p is selected and zero otherwise. This relationship

is governed by a selection function
1,

s(x, z) = P (S = 1 | p = x, Z = z).

Intuitively, we imagine observing p = x and Z = z and then flipping a biased coin that comes up heads with

probability s(x, z). We only use p to test the null H0 when the coin comes up heads, and otherwise do not

perform inference. This process turns out to capture what happens in a wide range of selective inference

1
Formally, the selection function s(·, ·) is an instantiation of the conditional expectation s(p, Z) = E[S|p, Z].
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problems. In the problems we consider, we decide the selection process, so s(x, z) is known. In cases where

no Z is present, we can imagine Z = 0 everywhere and write the selection function s(x) purely in terms of

x.

Because we only perform inference when the coin comes up heads, our goal should be to design a procedure

that controls Type I error conditional on this selection event:

PH0(reject H0 | S = 1) ⇒ ω (4.2)

As illustrated by our next example, the classical approach of rejecting when p ⇒ ω does not maintain selective

Type I error control as in (4.2).

Example 1 (Publication bias and the failure of classical inference). Consider a p-value p that is uniform on

[0, 1] under the null H0. If we use the selection function s(x) = I(p ⇒ ω), i.e., we select p when it is at most

ω, then p | S = 1 ⇐ Unif([0, ω]). Our classical procedure will clearly fail to control Type I error conditional

on selection:

PH0(reject H0 | S = 1) = PH0(p ⇒ ω | S = 1) = 1 > ω.

Example 1 is a standard example in the literature on publication bias. If researchers publish studies

only when they observe a p-value below ω, readers always see significant findings regardless of the true data

generating distribution. As a consequence, the reader’s observed Type I error rate can be as high as one.

Figure 4.1’s middle panel displays the distribution of the left panel’s null p-value, but after it has been

selected for inference via Example 1’s selection process. It is clear from the picture that the null p-value

distribution no longer stochastically dominates the uniform distribution after selection.

Essentially, after selection, the uniform distribution no longer su”ces as a reference distribution. Natu-

rally, we may instead try and use the distribution of a uniform after it has been selected by the same selection

process. Formally, let U ⇐ Unif([0, 1]) be a uniform random variable that exists on the same probability

space as p and is independent of Z, and let S⇓
↑ {0, 1} be a di!erent binary selection random variable whose

joint distribution with U and Z is governed by the same selection function 2

P (S⇓ = 1 | U = x, Z = z) = s(x, z).

Instead of the uniform distribution, we can use the the conditional distribution U | Z, S⇓ = 1 of U given se-

lection as our reference distribution. This approach is valid exactly when our p-value is selectively dominant,

as we define below.

Definition 1 (Selective dominance). Consider a p-value p for the null H0 that is valid given Z as in (4.1).

We say that p is selectively dominant given Z if, under the null H0, it has a conditional probability

density function (PDF) given Z, and it satisfies

PH0(p ⇒ t|Z, S = 1) ⇒ P (U ⇒ t|Z, S⇓ = 1) for all t ↑ [0, 1], a.e. under PH0(·|S = 1) (4.3)

for every selection function s(x, z).

Essentially selective dominance requires that, under the null, the conditional distribution of p given

2
Again, formally E[S

→|U,Z] = s(U,Z).
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selection should stochastically dominate the conditional distribution of U given the same selection. Moreover,

this should be true for any selection process. Again, we mention that if P (S = 1) = 0 (resp. P (S⇓ = 1) = 0)

for some selection function, then we define the left-hand side (resp. right-hand side) of (4.3) to be zero. We

show in Appendix B.19.1 that P (S⇓ = 1) = 0 ≠ P (S = 1) = 0, so this convention does not cause any

issues.

As we will soon see, all the p-values that practitioners commonly use are selectively dominant as described

in (4.3). In Definition 1, we restrict to p-values with conditional PDFs under the null because it makes our

theory and methods simpler to state. Because we can always make a p-value both have a conditional PDF

and be more powerful via randomization, this restriction is never a practical issue. Also, after applying our

machinery with randomized p-values, the user can always de-randomize the resulting method if they would

like.

To perform valid post-selection inference using a selectively dominant p-value, we can transform it so

that it remains a p-value after selection. As Theorem 5 displays, we can “undo” the e!ects of selection by

applying the conditional cumulative distribution function (CDF) FU |Z,S↔=1(·) of U given Z and selection to

p. In line with prior literature, we refer to this transformed p-value as a selective p-value. For simple

selection functions, this selective p-value is often computable in closed form.

Theorem 5 (Selective dominance and error control). Consider a p-value p for the null H0 that is selectively

dominant given Z as in Definition 1. Then, for any selection function s(x, z), the selective p-value

psel = FU |Z,S↔=1(p) =

∫ p
0 s(x, Z)dx
∫ 1
0 s(x, Z)dx

(4.4)

has a null distribution that stochastically dominates the uniform conditional on Z and selection:

PH0(psel ⇒ t | Z, S = 1) ⇒ t for all t ↑ [0, 1], a.e. under PH0(·|S = 1), (4.5)

PH0(psel ⇒ t | S = 1) ⇒ t for all t ↑ [0, 1]. (4.6)

Further, if P is a distribution in H0 under which P (S = 1) > 0 and p has an exact uniform distribution

given Z, i.e.,

P (p ⇒ t|Z) = t for all t ↑ [0, 1], a.e. under P (·|S = 1), (4.7)

then (4.5) and (4.6) hold with equality.

Essentially, Theorem 5 tells us that if we want selective Type I error control as in (4.2), then we should

reject H0 when p is less than the ω quantile of U | Z, S⇓ = 1 rather than the ω quantile of U . We show in

Appendix B.19.1 that the denominator of (4.4) is positive a.e. under PH0(·|S = 1), so psel is well defined

whenever we actually use it to make an inferential statement.

The right-most panel of Figure 4.1 depicts what happens when we apply Theorem 5’s correction to the left

panel’s p-value (we will derive this correction later). Unlike the null distribution of p given selection (middle

panel), the null distribution of psel given selection again stochastically dominates the uniform distribution.
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4.3 Characterizing selectively dominant p-values and examples

Theorem 6 tells us that p-values are selectively dominant precisely when their conditional PDF is non-

decreasing under the null.

Theorem 6 (Selective dominance and increasing density). If, under the null H0, the conditional PDF of

the p-value p given Z = z is non-decreasing on [0, 1] for every z, then p is selectively dominant given Z as

described in Definition 1. Conversely, if the conditional PDF of p given Z = z is everywhere continuous and

not non-decreasing on [0, 1] for a set of z that has positive probability under some distribution in H0, then p

is not selectively dominant given Z.

In what follows, we give a number of examples of selectively dominant p-values. Our examples include

all the common p-values that practitioners use.

Example 2 (Two-sided testing in parametric families). Consider observing data from a parametric family

Pς and testing the null H0 : θ = θ0. Because the null is a point null, most p-values we construct will have

an exact Unif([0, 1]) distribution under the null and are therefore trivially selectively dominant.

Example 3 (One-sided testing in monotone likelihood ratio families). Consider observing one-dimensional

data from a parametric family X ⇐ Pς that admits density pς(x) with respect to some base measure µ. We

say that Pς has a monotone likelihood ratio (MLR) in the real valued function T (x) if, the densities pς(x)

share a common support and, for any θ ⇒ θ⇓, the ratio pς↔(x)/pς(x) is a non-decreasing function of T (x).

In this case, the UMP test for the null H0 : θ ⇒ θ0 rejects when T (X) is large. The associated randomized

p-value for this test (see Appendix B.15) is selectively dominant.

Example 4 (Testing in in exponential families). Suppose we observe data X ↑ Rm from an exponential

family Pς parameterized by θ ↑ Rn i.e., under Pς the data X has density

gς(x) = exp(θ1T1(X) + · · · + θnTn(X) → ψ(θ))g(x)

with respect to some base measure µ. In both the case of testing the two-sided null H0 : θ1 ↖= θ0,i or one-sided

null H0 : θi ⇒ θ0,i, the UMPU test conditions on the nuisance statistics T→i(X). The p-value associated

with the UMPU test for H0 : θ1 ↖= θ0,i has an exact Unif([0, 1]) distribution conditional on T→i(X), so it is

trivially selectively dominant given Z = T→i(X). For testing H0 : θ1 ⇒ θ0,i, we are in the setting of an MLR

family once we condition on T→i(X), so Example 3 implies that the p-value associated with the UMPU test

is also selectively dominant given Z = T→i(X).

Example 5 (Permutation testing). In a permutation test we observe data X ↑ X and compute a test statistic

T (X) that, under the null H0, has a distribution that is invariant under a finite group of transformations

G : X ↘ X . That is, T (X)
d
=H0 T (g(X)) for all g ↑ G. To run the test, we consider a collection of group

elements g1, g2, . . . , gw where g1 = id is fixed to be the identity transformation and g2, . . . , gw are either a

random sample from G with replacement or a random sample from G \ {id} without replacement. The test

then rejects when T (X) is large compared to the T (gj(X)). In particular, the randomized permutation test

from Hemerik and Goeman [2018] uses a p-value that always has an exact Unif([0, 1]) distribution under H0

and is therefore trivially selectively dominant. Details about this p-value can be found in Appendix B.1
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Example 6 (F -tests for regression). Suppose we observe data Y ↑ Rn from a linear model Y = Xε + ⇁

parameterized by ε ↑ Rd, where X ↑ Rn↑d has full column rank with probability one and is independent of

⇁ ⇐ N(0, ϖ2In). We can run an F -test to try to reject the null H0 : εq+1 = · · · = εd = 0 that the last d → q

coe!cients are zero. The p-value associated with the F -test has an exact Unif([0, 1]) distribution given X,

so it is trivially selectively dominant given Z = X. We describe this test and its associated p-value more

explicitly in Appendix B.2.

Establishing Example 3 and Example 4 is non-trivial, and the bulk of Appendix B.15 is spent doing so.

The majority of the article focuses on examples from these two non-trivial settings.

4.4 Example applications of selective dominance

Having developed our machinery, we provide a few examples that illustrate how to use it.

As an introductory example, we show how to correct for Example 1’s publication bias. Using our selective

dominance machinery, we can provide a one-line derivation of the p-value adjustment from Hung and Fithian

[2020]. Hung and Fithian [2020] derive this correction specifically for p-values coming from z- and t-tests,

but our machinery applies for all selectively dominant p-values.

Example 7 (Correcting for publication bias). Suppose we have a selectively dominant p-value p for the null

hypothesis H0, and we choose to test H0 only after observing that p ⇒ ω. We can apply our framework with

s(x) = I(x ⇒ ω). The selective p-value from (4.4) is p/ω, so Theorem 5 tells us that rejecting when p ⇒ ω2

controls selective Type I error:

PH0(p ⇒ ω2
|S = 1) = PH0(p/ω ⇒ ω|S = 1) ⇒ ω

In Example 1, if one computes the selective p-value psel from (4.4) carefully, they will find it equals

min(p/ω, 1), rather than p/ω as we have claimed. However, these two expressions are almost surely equal

under P (·|S = 1), the conditional probability measure given selection. Theorem 5’s result therefore applies

regardless of which one we choose to use. Throughout the remainder of our examples, we will continue to

give expressions for psel that, at the very least, are equal to (4.4) a.e. under P (·|S = 1).

Since essentially all the p-values researchers use are selectively dominant, Example 7 gives a simple way

for readers to make valid inferences in the presence of publication bias: declare a studies’ result significant

when the associated p-value is at most ω2.

Our rule of thumb of rejecting when p ⇒ ω2 should also deliver valid inferences in the presence of p-

hacking. Rather than discarding an experiment after observing a p-value larger than ω, researches more

often tweak their analysis until the p-value crosses the significance threshold. This process, known as p-

hacking, is di”cult to study theoretically (which is why Hung and Fithian [2020] do not study it). But

it has been empirically well-established that, under the null, p-values resulting from p-hacking have left-

skewed distributions, i.e., null p-hacked p-values can be reasonably modeled as having an increasing density

on [0, ω] [Simonsohn et al., 2013]. The transformed quantity p/ω then has a null density that is increasing

on [0, 1], so Theorem 6 guarantees that it is a valid p-value. Thus, we again find it safe to reject when

p/ω ⇒ ω ⇍ p ⇒ ω2.
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Our second example shows how to use Theorem 5 to perform inference using the “winning” p-value.

It illustrates how our selective dominance machinery enables us to easily test data-dependent hypotheses.

Example 8 uses the fact that, if p is selectively dominant and Z is independent of p, then p is selectively

dominant given Z. Although this is intuitively obvious, we show it carefully in Appendix B.3.

Example 8 (Inference on the winning p-value). Suppose we have n independent and selectively dominant

p-values pi for the null hypotheses H0,i, and we choose to test only the jth null H0,j after observing that

pj is the smallest of the bunch. Applying our framework with p = pj, Z = p→j, and the selection function

s(x, z) = I(x < mink zk), it is straightforward to compute that the selective p-value psel from (4.4) is

pj/ mini ≃=j pi, so Theorem 5 tells us that rejecting when pj ⇒ ω mini ≃=j pi controls selective Type I error:

PH0,j (pj ⇒ ω min
i ≃=j

pi | S = 1) = PH0,j (pj/ min
i ≃=j

pi ⇒ ω | S = 1) ⇒ ω. (4.8)

If we let W be the index of the smallest p-value (with ties broken randomly), it is now easy to see

that rejecting the data-dependent “winning” null H0,W when p(1) ⇒ ωp(2) controls Type I error both condi-

tionally on W and marginally. Conditional error control is immediate: If H0,j is not true, then trivially

P (falsely reject H0,W | W = j) = 0 ⇒ ω. For the case that H0,j is true, the event W = j is the same event

as selecting pj for inference in (4.8), so

P (falsely reject H0,W | W = j) = P (p(1) ⇒ ωp(2) | W = j)

= P (pj ⇒ ω min
i ≃=j

pi | W = j)

⇒ ω.

Marginal error control then follows from the law of total probability.

P (falsely reject H0,W ) =
n∑

j=1

P (W = j)P (falsely reject H0,j | W = j)

⇒ ω
n∑

j=1

P (W = j)

⇒ ω.

If the nulls are all true and the pi are exactly uniform, then the inequalities become equalities and our error

control is tight.

Rejecting the null H0,W when p(1) ⇒ ωp(2) may seem like a strange procedure, but we will see later that

doing so is central to the conditional inference for winners method that arises from Fithian et al. [2017] and

appears often in the contemporary inference on winners literature. We discuss inference on winners in much

more depth in Chapter 5.

Next, give a simple warm-up example that illustrates how our framework can be applied to rank verifi-

cation problems. We discuss rank verification in much more depth in Chapter 6.

Consider the following classic hypothetical. A researcher wants to test if the unknown means of two

univariate Gaussian samples, X1 ⇐ N(µ1, 1/
↓

2) and X2 ⇐ N(µ2, 1/
↓

2), are di!erent. They end up rejecting

the null hypothesis H0 : µ1 = µ2 because they observe that the two-sided p-value 2(1 → #(|X1 → X2|)) is
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below ω. After rejecting, they note X1 > X2, and claim “not only are the two means are di!erent, but they

must be di!erent because µ1 is bigger than µ2”. The researcher, however, only rejected the null that the

means are equal. Can they make a claim about the direction of inequality?

It seems that what the researcher really wants is a rank verification procedure. After observing that X1

is larger than X2, they want to verify that the mean µ1 is actually larger than the mean µ2, i.e., that they

can rank the means µ1 > µ2. It is well known (and quite simple to show) that the researcher can indeed

making their desired claim while maintaining a sensible notion of error control (see Jones and Tukey [2000]).

Our framework provides new neat way of understanding why that is the case.

Example 9 (Rank verification in a simple case). Suppose that p is a selectively dominant p-value for testing

the null H0, but we only choose to test H0 when p < 1/2. Applying our framework with the p-value p and

selection function s(x) = I(x < 1/2), Theorem 5 tells us that we control selective Type I error if we reject

according to the selective p-value psel = 2p:

PH0


p⇔

ω

2
|S = 1


= PH0 (2p ⇒ ω|S = 1) ⇒ ω. (4.9)

Now, consider data X1 ⇐ N(µ1, 1/
↓

2) and X2 ⇐ N(µ2, 1/
↓

2). For the one-sided nulls H0,ij : µi ⇒ µj

the UMP p-values pij = 1 → #(Xi → Xj) are selectively dominant by Example 3. Denoting the winner

W = argmaxj=1,2 Xj and runner-up R = argminj=1,2 Xj, it is now clear rejecting the data-dependent null

H0,WR : µW ⇒ µR when pWR ⇒ ω/2 maintains Type I error control both conditionally on W and marginally.

If H0,ij is not true, then trivially P (falsely reject H0,WR | W = i) = 0 ⇒ ω. For the case that H0,ij is true,

the event W = i is identical to the event pij < 1/2, and hence is the same event as selecting pij for inference

in (4.9). Therefore, in this case,

P (falsely reject H0,WR | W = i) = P

pWR ⇒

ω

2
| W = i



= P

pij ⇒

ω

2
| W = i



⇒ ω.

This establishes error control conditional on W . Marginal error control then follows from the law of total

probability:

P (falsely reject H0,WR) =
∑

i=1,2

P (W = i)P (falsely reject H0,ij | W = i)

⇒ ω
∑

i=1,2

P (W = i)

= ω.

If µ1 = µ2 then the inequalities become equalities and our error control is tight.

Finally, we show how our framework also applies to data-carving. Specifically, we consider Fithian et al.

[2017]’s variant of the file-drawer problem. Fithian et al. [2017] argue that data-splitting, which involves

using one chunk of the data for selection and the remaining independent chunk for inference, is often an

inadmissible approach in selective inference problems. In such settings, data-carving, as we describe below,
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results in strictly more powerful procedures. Although it initially appears that data-carving does not involve

selecting a p-value via the mechanism we described earlier, we use a coupling argument to show that it can

be viewed in this way. This both serves to illustrate the breadth of our framework’s applicability, as well as

provide a new perspective on data carving.

Example 10 (Data carving and the file-drawer problem). In the file-drawer problem, we observe two inde-

pendent samples X1, X2 ⇐ N(µ, 2) (e.g., X1 comes from the first half of the data and X2 from the second).

We test the null H0 : µ ⇒ 0, but only when we observe that X1 > t for some t ↑ R. Appendix B.4 provides

details for the computations done in this example.

Data splitting ignores the first observation, which was used for selection, and simply tests the H0 using

the p-value psplit = 1 → #(X2/
↓

2). Intuitively, because this p-value is independent of the selection process,

we should maintain Type I error control without any correction. Applying our framework with p = psplit,

Z = X1, and the selection function s(x, z) = I(z > t), we indeed find that the selective p-value is the same

as psplit.

Data-carving attempts to use the more powerful p-value pfull = 1 → #((X1 + X2)/2). This p-value

leverages information from both samples, despite one of them being used for selection. How can we apply

our framework to this data-carving problem? In how we have stated the problem, it is not the case that we

observe pfull and then decide whether or not to use it for inference. Instead, we decide based on X1, and

unlike in data-splitting, pfull is not a valid p-value given X1. We can compute, however, the probability that

selection happened given that pfull took a particular value:

P (X1 > t|pfull = x) = 1 → #(t → #→1(1 → x)).

We may as well imagine that we observed that pfull = x, and then decided to use it to test the null H0 with

probability 1 → #(t → #→1(1 → x)). Although this is not what happens in the original problem (in our new

characterization, we may test H0 even when X1 ⇒ 3), the conditional distribution of pfull given selection is

the same in both cases. Hence, we can apply our framework with p = pfull and s(x) = 1→#(t→#→1(1→x)).

Theorem 9 of Fithian et al. [2017] tells us that Theorem 5’s resulting selective p-value,

pcarve =

∫ pfull

0 1 → #(t → #→1(1 → x))dx
∫ 1
0 1 → #(t → #→1(1 → x))dx

=

∫ pfull

0 1 → #(t → #→1(1 → x))dx

1 → #(t/
↓

2)
,

will result in strictly more rejections than psplit, while still maintaining selective Type I error control.

For the interested reader, we discuss more connections between our framework, data splitting, data

carving, data fission [Leiner et al., 2023], and data thinning [Dharamshi et al., 2024, Neufeld et al., 2024] in

Appendix B.5.

Our framework also applies to regression problems, including Lee et al. [2016b]’s foundational problem of

doing inference on LASSO selected regression coe”cients. This example is a bit long, so we have deferred it to

Appendix B.6. It demonstrates how for some selective inference problems, the di”culty lies in characterizing

what the selection function is.

Examples 7 to 10 all share a common theme. In all three examples, the practitioner cheats. They peek at

the p-value and, to varying degrees, they only test the null when the p-value looks promising. The purpose

of selective procedures is to adjust the p-value in a way that accounts for this cheating. The harsher the
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Figure 4.2: Scatter plot of the original pO and replication pR p-values for 92 psychology studies from the
open science collaboration’s replication analysis Collaboration [2015]. Note that the x-axis, which ranges
from [0, 0.05] is on a di!erent scale than the y-axis, which ranges from [0, 1].

cheating is, the more this adjustment inflates the original p-value.

4.5 Publication-bias aware meta-analysis

Performing replication studies is a crucial part of the scientific process, especially when one is wary that

the original study may su!er from publication bias. To judge the prevalence of publication bias in psychology,

the open science collaboration conducted a mass replication analysis of psychology studies [Collaboration,

2015]. Via their e!orts, we have access to p-values from 92 pairs of original and replication psychology

studies 3, depicted in Figure 4.2. We refer to p-values from the original study as pO and p-values from the

replication study as pR. The p-values pO from the original studies are significant at the ω = 0.05 level, while

only 34 of the replication p-values pR are significant.

Although the original study p-values su!er from publication bias, they still contain valuable and usable

information. By Example 7 and its subsequent discussion, pO/ω should be a valid p-value even in the presence

of publication bias or p-hacking. Then, via Fisher’s combination test, we can use both the corrected original

p-value pO/ω and uncorrected replication p-value pR for inference. As a refresher, Fisher’s test considers

n independent p-values pi for the nulls H0,i and rejects the global null ∀
n
i=1H0,i when the test statistic

→2
n

i=1 log(pi) is at least as large as the 1 → ω quantile of the ϱ2
2n distribution. In our case, we have two

independent p-values pO/ω and pR that test the same null hypothesis, and we can reject this null hypothesis

when

→2(log(pO/ω) + log(pR)) ∈ Quantile(1 → ω, ϱ2
4).

This approach is analogous to data-carving. After using part of our data for selection (the original study)

and part for inference (the replication study), we still make use of the information remaining in the first part

after selection for inference as well. Unlike existing approaches to data-carving, which are often complex and

problem specific, using Fisher’s combination test along with our selective dominance framework provides a

general and simple way to data-carve.

Our combination approach allows us to make more powerful inferences on the open science dataset. Our

3
We exclude seven studies with original p-value pO larger than ω = 0.05.
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approach finds that 47 study pairs have significant findings, whereas using solely the original study p-value

pO/ω or the replication study p-value pR results in only 39 or 34 significant findings respectively. It is

surprising that, even after a harsh adjustment for publication bias, the corrected original study p-values

result in more discoveries than replication study p-values. It is hard to gauge if this is due to chance,

di!erences between the original and replication studies (e.g., minor di!erences in population demographics,

devices used for measurement, sample size), or because there is somehow even harsher selection bias in

the original studies than what we have accounted for. It may even be the case that some replicators felt

incentivized to induce bias in the opposite direction, and tried to ensure that the replication studies were

not significant.

4.6 Some discussion

First, we discuss why we believe that our treatment of selective inference is easier to grasp than what is

presented in the current literature. Plainly stated, when statisticians and practitioners alike are presented

with a null hypothesis H0, the first thing they do is come up with a marginally valid p-value p. The standard

selective inference approach is to come up with a quantity that is pivotal under the conditional distribution

of the test statistic given selection. This can be a daunting task, and our framework (specifically Theorem 5)

provides an automatic way of finding such a pivot via the marginal p-value p, an object that people are

familiar with and is common to all inferential problems. Practitioners in particular are very accustomed

to methods that take a marginal p-value p and perform an adjustment to it (e.g. a Bonferonni correction

multiplies each p-value by n, a Benjamini-Hochberg adjustment multiplies the ith smallest p-value by n/i).

Hopefully, this simplified view changes selective inference from a subject that is taught in a topics statistics

course (graduate level) to one that can be covered immediately after (or even during) the lecture on p-values

in an introductory statistics course (graduate level).

Second, we discuss a technical contribution of our framework. The current selective inference literature

is also mostly focused on making selective confidence intervals, i.e., coming up with a selective test for the

point null H0 : θ = θ0 and inverting it to get an interval for θ0. As such, there is very little literature on

one-sided selective testing. The only examples of one-sided selective tests that we are aware of establish

validity via nice properties of exponential families (e.g., Fithian et al. [2017], Hung and Fithian [2019b]). As

we have seen, however, exponential family data is not necessary for us to make one-sided selective tests. In

reality, the real driving force behind our ability to do selective inference is that the data came from an MLR

family, or more specifically that the marginal p-value has a non-decreasing density under the null. This

sort of shape-constraint is the important property at the crux of many existing procedures (e.g., Hung and

Fithian [2020], Lei and Fithian [2018], Zhao et al. [2019]). In fact, both Hung and Fithian [2020], Zhao et al.

[2019] leverage this shape-constraint to perform selective inference identical to us, but only in cases where

the data is continuous, there is no random variable Z that selection is allowed depend on, and the selection

function is s(x) = I(x ⇒ φ) for some fixed threshold φ . Hung and Fithian [2020], Zhao et al. [2019] only

consider our p-value approach for one-o! use cases, and do not provide a full framework as a consequence.

In contrast, we fully flesh out this approach so that it can accommodate essentially all modern selective

inference techniques.



Chapter 5

Inference on winners via selective

inference

In this chapter, we use Chapter 4’s framework to study the inference on winners problem. First, we

characterize our motivating selective inference problem from Chapter 1 in terms of p-values, and demonstrate

that it boils down to Example 8 from Chapter 4. Written in terms of p-values, the method becomes easier to

derive, interpret, implement, and generalize beyond Gaussianity. Particularly, we are able to gain insight on

(1) when the conditional lower confidence bound (LCB) from (1.3) could be useful and (2) the extent to which

the conditional LCB explodes to →≃. Also, the p-value viewpoint enables us to apply the closure principle,

yielding a new conditional sequential hypothesis testing procedure that makes strictly more discoveries than

the original method.

Next, we provide theoretical results that suggest that, even though the conditional confidence region from

Chapter 1 su!ers from the exploding interval problem, this conditional approach can still be quite powerful

in certain settings. Particularly, we show that it attains the maximum possible power in a generalized variant

of the needle-in-a-haystack problem (when the needle is su”ciently well separated from the haystack). For

sake of comparison, we also study locally simultaneous inference in this setting [Zrnic and Fithian, 2024].

Locally simultaneous inference is a competing method that is (1) strictly more powerful than the classical

simultaneous inference approach and (2) designed to maintain the benefits of conditional inference while

avoiding the exploding interval problem. We show that locally simultaneous inference su!ers from a curse of

dimensionality that renders it powerless, even when the conditional approach achieves the maximum possible

power.

Finally, we use our p-value characterization to derive a new variant of hybrid inference [Andrews et al.,

2023], an inference on winners procedure that interpolates between the conditional and simultaneous inference

approaches. Hybrid inference manages to avoid both the exploding intervals of conditional inference and

the curse of dimensionality of locally simultaneous inference. Again, writing hybrid inference in terms of

p-values makes it easier to derive, interpret, implement, and generalize beyond Gaussianity. It also again

enables us to apply the closure principle to find a new hybrid sequential hypothesis testing procedure that

makes strictly more discoveries than the original approach. Our p-value viewpoint also illustrates that

hybrid inference strictly dominates its naive union bound competitor, which splits the Type I error budget

37
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Figure 5.1: We plot the level ω = 0.1 conditional LCB µ̂ for di!erent gaps between the winning value XW

and the runner up value XR and highlight the distance between µ̂ and XW in red. The LCB µ̂ is chosen
exactly so that the tail probability P (N(µ̂, 1) > XR), shaded in blue, is 1/ω = 10 times the tail probability
P (N(µ̂, 1) > XW ), shaded in red (the overlap appears purple). As XW and XR get closer, we need to take
µ̂ further back for this condition to be satisfied.

between the conditional and simultaneous approaches and then takes the better of the two. Unfortunately,

our viewpoint also suggests that, while it results in a strict improvement, hybrid inference cannot do too

much better than this naive alternative.

This chapter focuses on the independent data setting. The problems we discuss in Chapter 6, however,

illustrate how one can perform inference on winners when the data comes from a multi-parameter exponential

family or multivariate Gaussian with known covariance. This encompasses many correlated data settings.

5.1 Conditional inference

In this sub-section we discuss Fithian et al. [2017]’s conditional approach for performing inference on

winners. This conditional approach turns out to be highly related to the testing procedure that we derived

in Example 8. To be concrete, we will imagine performing inference at level ω = 0.1.

Corollary 1 (Testing the winner). Suppose that pi are n independent and selectively dominant p-values for

the nulls H0,i, and let W be the index of the smallest p-value (with ties broken randomly). Rejecting H0,W

when p(1) ⇒ ωp(2) controls Type I error at level ω conditionally on W , and therefore also marginally.

Unlike Sidak’s simultaneous approach, which rejects the winning null when the smallest p-value is small in

absolute terms, the conditional approach rejects the winning null when the smallest p-value is small relative

to the second smallest p-value. This procedure is strange, but fairly easy to interpret: we reject the winning

null when the most extreme observation is 1/ω = 10 times more extreme under its null than the second most

extreme observation is under its null. This can be quite a stringent requirement!

Once written in terms of p-values, its easy to mathematically see the merits and pitfalls of the conditional

approach. If all the p-values except the smallest provide essentially no evidence against the null, then p(2) ∃ 1

and we reject when p(1) < ω, the same p-value cuto! as a one-dimensional problem. On the other hand, if

even just one other p-value provides a similar amount of evidence against the null as the smallest p-value,

then then p(2) ∃ p(1) and we will never reject because p(1) ↖< ωp(1) ∃ ωp(2).

The p-value viewpoint also makes it clear that the conditional approach can only outperform the simul-

taneous approach when some null p-values are conservative (i.e., they have super-uniform distributions). We
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give a heuristic argument here, and a more formal statement in Appendix B.7. Suppose one of our p-values

p1 is a very strong signal (so it is very small with high probability) but the remaining p-values p2, . . . , pn are

null p-values that are uniform (i.e., they are not conservative). Our conditional procedure will reject when

our smallest p-value, likely p1, is less than ω times the smallest of p2, . . . , pn. The minimum of these n → 1

uniform p-values is 1/n on average. Hence, roughly speaking, the conditional approach also rejects when

p(1) is less than ω/n, which is essentially the same as Sidak’s simultaneous approach for moderately sized n

or small ω.

5.1.1 Confidence regions for the winner

In parametric settings, we can invert Corollary 1’s test to get selective confidence regions for the winning

parameter. Consider observing independent data Xi ⇐ Pςi from an MLR family Pς parametrized by θ ↑ R.

Let pς0i (which is a function of solely Xi) be the UMP p-value for testing the null Hς0
0,i : θi ⇒ θ0. Details

regarding these p-values can be found in Appendix B.15.1. We can define the winner W = argminj↔[n] p
ς0
j

to be the index of the smallest and therefore most promising p-value. This winning index will be the same

irrespective of θ0
1. By inverting Corollary 1’s test, we get an LCB

{θ0 : pς0(1)/pς0(2) > ω} (5.1)

for the winning parameter θW that holds conditionally on W with probability exactly 1 → ω:

P (θW ↑ {θ0 : pς0(1)/pς0(2) > ω}|W ) = 1 → ω.

The fact that the confidence region (5.1) is actually an LCB is a consequence of the selective p-value pς0(1)/pς
0

(2)

being monotone non-decreasing in null parameter θ0. Appendix B.15.3 provides general conditions (which

will hold for essentially every selective problem) under which selective p-values like pς0(1)/pς
0

(2) are monotone in

the null parameter. We show these conditions apply here, and also argue that (5.1) has exact 1→ω coverage

in Appendix B.8. We also show in Appendix B.8 how to invert Corollary 1’s test to get a confidence interval

(CI) instead of LCB, and that both our CI and LCB match Fithian et al. [2017]’s approach in the Gaussian

case.

Writing the conditional LCB terms of p-values helps us better understand its behavior. In particular,

recalling our motivating Gaussian example (1.3), we learn that Figure 1.1’s LCB stretches back exactly to

the µ̂ under which it is 1/ω = 10 times less likely to see something as extreme as the winner than something

as extreme as the runner-up. Noting this fact, Figure 5.1 illustrates why the LCB (1.3) diverges to →≃ as

the winner and runner-up get closer. If the winner and runner-up are very close, we need the LCB µ̂ to be

very far back for the winner to be ten times more extreme than the runner-up. Thanks to the decay of the

Gaussian tail, however, we can always find such a mean if we go far back enough.

For non-Gaussian data, the amount the conditional LCB (5.1) stretches back depends on the right tail

decay of Pς. The faster the tail decays as θ decreases, the larger the first θ̂ for which the winner is 1/ω = 10

times as extreme as the runner-up. Seeing as the Gaussian distribution, which has a rapidly decaying tail,

still results in exploding lower bounds, we should expect that the distance from the winning observation to

1
If we use the same auxiliary randomness to compute p

ω0
i

for every ε0, then one index will result in the smallest p-value for

every ε0 and W . The way we construct our UMP p-values in Appendix B.15.1 ensures that this is the case.
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Figure 5.2: Over B = 1000 di!erent sub-samples of n = 2 failure times from the dataset Molotaliev [2024],
the distribution of the conditional and simultaneous LCB for the “winning” parameter. The conditional
LCB is always vacuous.

the lower bound can often be quite large in many settings.

As an example, consider observing independent exponential random variables Xi ⇐ Exp(↽i). Crucially,

the parameter space ↽ ↑ (0,≃) is bounded below. The exponential distribution has an MLR in T (x) = 1/x,

so the UMP test for Hφ0
0,i : ↽i ⇒ ↽0 uses a p-value pφ0

i that rejects when Xi is small. It turns out that

lim
φ0↖0

pφ0

(1)/pφ0

(2) = X(1)/X(2),

so the conditional LCB for the winning parameter ↽W ,

{↽0 : pφ0

(1)/pφ0

(2) > ω}, (5.2)

is vacuous whenever X(1)/X(2) > ω, i.e., with positive probability the confidence region (5.1) spans the whole

parameter space (0,≃). A careful derivation of this test and result can be found in Appendix B.9.

The failure of the exponential conditional LCB (5.2) manifests in real data examples. On a dataset of

car engine failure times [Molotaliev, 2024], we find that the conditional LCB (5.2) is always vacuous. The

dataset has the failure times of one-hundred car engines, which we model as independent exponential random

variables. Over many sub-samples of just n = 2 failure times, the LCB (5.1), which does inference on the

worse of the two engines, always gives a vacuous lower bound of zero. In contrast, the simultaneous approach

always gives a non-vacuous lower bound. Figure 5.2 depicts the results. The result is concerning. Despite

conditional LCB having exact 1 → ω = 0.9 coverage, our empirical coverage is one (the vacuous LCB must

always cover the parameter). This suggests that the exponential distribution is likely not an appropriate

model for this dataset (the failure times are not spread out enough), even though it is often a natural choice

for modeling failure times.
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5.1.2 More discoveries via the closure principle

Once written in terms of p-values, it is natural to treat Corollary 1’s test as a test of the global null and

try to close it (as in Marcus et al. [1976]). Closing a global null test precludes us from making confidence

regions, but it allows us to make more individual discoveries. Closed global null testing procedures are often

computationally intractable to implement, so it is interesting that Corollary 1’s global null test admits a

tractable closure.

Corollary 2 (Closed testing for winners). Suppose that pi are n independent and selectively dominant p-

values for the nulls H0,i. Let H0,(j) denote the null corresponding to the jth smallest p-value (with ties broken

randomly) and define p(n+1) = 1. Rejecting the null hypotheses H0,(k) for which p(j) ⇒ ωp(j+1) for all j ⇒ k

controls the family-wise error rate at level ω.

As is often the case for closed procedures, Corollary 2 procedure is best understood sequentially. We

reject H0,(1) when p(1) ⇒ ωp(2). Then, if we rejected H0,(1), we reject H0,(2) when p(2) ⇒ ωp(3), so on and so

forth until we fail to reject.

5.2 Conditioning can gain power

In this section we will study the power of the conditional inference on winners procedure from Corollary 1.

To do so, we will consider a sequence of problems with increasing dimension. Particularly, we imagine

observing isotropic Gaussian data X(n)
⇐ N(µ(n), In) centered at a mean vector µ(n). Defining the individual

nulls H(n)
0,i : µ(n)

i our goal is to test the global null ∀n
i=1H

(n)
0,i : µ(n)

i ⇒ 0 that all the means are less than or

equal to zero. Because we now have a sequence of problems, we also have a sequence of winners and runner-

ups. We will let W (n) and R(n) denote the indices of the largest and second largest of the X(n)
j , 1 ⇒ j ⇒ n

respectively. To apply Corollary 1, we consider the p-values p(n)
i = 1 → #(X(n)

i ) which are valid selectively

dominant p-values for the nulls H(n)
0,i be Example 3.

It will be helpful to recall that if Zi are independent standard Gaussian random variables, then

n
max
i=1

Zi =
√

2 log n + op(1),

Meaning roughly that we can treat maxn
i=1 Zi as non-random and equal to

↓
2 log n when n is large. We will

be somewhat informal in our discussion, but rigorous proofs of all the results can be found in the appendix.

5.2.1 Power of the conditional approach

First, we characterize a regime where Corollary 1’s procedure is powerful. To do so, we focus our attention

on a generalization of the needle-in-the-haystack problem.

In the typical needle-in-the-haystack problem, we imagine testing the null that all the means are exactly

equal to zero, and consider alternatives where one mean is positive and the remaining means are zero, e.g.,

µ(n)
1 > 0 and µ(n)

j = 0 for j > 1. It is well known that for such alternatives, Sidak’s procedure (and also

Bonferonni), which rejects when

1 → #(X(n)
j ) ⇒ ωn = 1 → (1 → ω)1/n ∃ ω/n for any 1 ⇒ j ⇒ n,
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has limiting power equal to one whenever µ(n)
1 ¬

↓
2 log n. It is quite intuitive that the test is powerful in

this regime. Under the null, the maximum observation we see should be around
↓

2 log n. If µ(n)
1 ¬

↓
2 log n.,

then X(n)
1 will be noticeably larger than than this threshold, and we can be sure the data did not come from

the null. On the other hand, if µ(n)
1 ∞

↓
2 log n, then no observation will be larger than

↓
2 log n. Sidak’s

procedure will be unable to distinguish between the alternative and null, and it will be powerless in the limit.

In our generalized needle-in-the-haystack problem, we imagine testing the composite global null H(n)
0

that all the means are at most zero, and consider alternatives where one mean is positive and the remaining

means are non-positive, e.g., µ(n)
1 > 0 and µ(n)

j ⇒ 0 for j ⇒ 1. Our result tells that whenever the gap between

the winner X(n)
W (n) and runner-up X(n)

R(n) diverges to infinity in probability (i.e., X(n)
W (n) → X(n)

R(n)

p
↘ ≃),

Corollary 1’s procedure, which rejects when

1 → #(X(n)
W (n))

1 → #(X(n)
R(n))

⇒ ω, (5.3)

has the maximal possible limiting power. To be concrete, X(n)
W (n) → X(n)

R(n)

p
↘ ≃ means for all B ↑ R that

lim inf
n⇑⇐

P (X(n)
W (n) → X(n)

R(n) > B) = 1.

To provide some clarity on this condition, we give some sequences of mean vectors µ(n)
n for which it holds.

For example, X(n)
W (n) → X(n)

R(n)

p
↘ ≃ under the sequence of alternatives

µ(n)
j =






↓
3 log n if j = 1,

0 if j > 1.

For this sequence, X(n)
1 ∃

↓
3 log n will be the clear winner and will have an increasing gap to the runner-up,

which is the maximum maxj>1 X(n)
j ∃

↓
2 log n. Identical reasoning tells us that X(n)

W (n)→X(n)
R(n)

p
↘ ≃ under

the sequence

µ(n)
j =





1 if j = 1,

1 →
↓

3 log n if j > 1.

Interestingly, for this later sequence, Sidak’s test (which is also valid for the composite null H(n)
0 ) has limiting

power zero! This is not the case for Corollary 1’s procedure, which will have the highest possible limiting

power of 1 → #(#→1(1 → ω) → 1) > 0.

How is it possible that Corollary 1’s procedure can be powerful while Sidak’s procedure is powerless?

Intuitively, it is possible for a procedure to be powerful because the observations X(n)
j for j > 1 are so

negative that it is obvious upon observing them that they come from null means. Corollary 1 knows to

ignore these observations, and simply draw an inference using X(n)
1 , while Sidak’s procedure does not. More

generally, when the gap between the winner and runner-up is big, it is clear that the winner was the largest

not because of selection bias, but because it came from a large mean. In the composite null problem, there

are many more interesting ways for this gap to be big. Unlike Sidak’s procedure, Corollary 1’s procedure is

able to adapt to the compositeness of H(n)
0 .

Ideally, we would characterize when X(n)
W (n)→X(n)

R(n)

p
↘ ≃ in terms of some conditions on the mean vector
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µ(n). This is di”cult, however, as there are many di!erent sequences of needle-in-the-haystack mean vectors

that elicit this behavior. For example, we later justify that X(n)
W (n) → X(n)

R(n)

p
↘ ≃ for the sequence

µ(n)
j =






log log n if j = 1,

log log n → 2
↓

log n if 1 < j ⇒ ↔
↓

n↗,

→n if ↔
↓

n↗ + 1 ⇒ j ⇒ n.

(5.4)

If we wanted, we could keep coming up with di!erent sequences µ(n) that satisfy this condition, and it is not

clear how to characterize all such sequences cleanly. Given a sequence µ(n), however, it is typically easy to

argue whether X(n)
W (n) → X(n)

R(n)

p
↘ ≃ or not.

Theorem 7 below is a summary of our discussion, and it gives a formal statement of our result.

Theorem 7. Consider data X(n)
i ⇐ N(µ(n)

i , 1) and the global null H(n)
0 = ∀

n
i=1H

(n)
0,i with H0,i : µ(n)

i ⇒ 0. If

µ(n)
↑ Rn is a sequence of alternatives such that

1. µ(n)
1 is positive,

2. µ(n)
j is non-positive for j > 1,

3. X(n)
W (n)→X(n)

R(n)

p
→↘ ≃, where W (n) and R(n) (resp.) are indices of the largest and second largest (resp.)

X(n)
i for 1 ⇒ i ⇒ n,

then Corollary 1’s test for H(n)
0 attains the maximal possible limiting power. That is,

lim inf
n⇑⇐

inf
↼n↔Hn

P (▷cond
n rejects ) → P (▷n rejects ) ∈ 0

where Hn is the set of all tests that maintain level ω Type I error control under H(n)
0 , and ▷cond

n is the test

that rejects when (5.3) holds.

In wrapping up this part of the discussion, we emphasize that the regime we have studied is a regime

where we should expect methods to be powerful. There is only one possible signal, and the assumption

X(n)
W (n)→X(n)

R(n)

p
→↘ ≃ essentially ensures that this signal is well-separated and easy to identify. It is believable

that a procedure should be able to adapt to the data generating distribution and reduce the problem

to classical one-dimensional Gaussian mean testing. If anything, it is less surprising that Corollary 1’s

procedure is powerful, but rather more concerning that Sidak’s simultaneous inference procedure can be

powerless. Even more surprising and concerning is what we discuss next. Locally simultaneous inference, a

simultaneous inference procedure designed specifically to be adaptive to the compositeness of H(n)
0 , can also

be powerless in this easy regime.

5.2.2 Comparison to locally simultaneous inference

In this sub-section we discuss applying locally simultaneous inference (LSI) to the previous sub-section’s

problem. LSI is an adaptive simultaneous inference technique that is strictly more powerful than vanilla

simultaneous inference. In full generality, LSI can be applied to a wide variety of multi-dimensional inferential

problems. We only give a high-level overview of the method, and discuss only how it can be used to perform
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Figure 5.3: Power of Corollary 1’s procedure versus that of locally simultaneous inference (ω = 0.1, ε = ω/10)

for the sequence of needle-in-the-haystack alternatives µ(n)
↑ Rn given by µ(n)

1 =
√

0.8 log nε , µ(n)
i =√

0.8 log nε → 2
↓

log n for i = 2, . . . , ↔nε
↗, and µ(n)

i = →n for i = ↔nε
↗ + 1, . . . , n, with ϑ = 0.9. Plot shows

that LSI becomes powerless as n ↘ ≃, while the conditional method has power approaching one. Shaded
region denotes one standard error bands.

inference on winners in the isotropic Gaussian data setting. A full treatment of LSI can be found in the

original article [Zrnic and Fithian, 2024].

It is worth mentioning that our Gaussian inference on winners is the motivating problem for LSI. One

express goal of LSI is to retain the benefits of Corollary 1’s conditional procedure while avoiding the exploding

interval problem discussed in Chapter 1. In an attempt to achieve this, LSI avoids conditioning and instead

leverages solely marginal simultaneous inference techniques.

At a high level, the goal of LSI is to avoid performing simultaneous inference on all n means. Instead,

LSI uses the data to determine a data-adaptive subset of means that would have been likely to produce

a winner 2, and applies a simultaneous inference correction as if we only ever considered doing inference

on these means. Despite this simultaneous correction being data-dependent, LSI still manages to return a

provably valid inference.

Getting more into the weeds, we explicitly state when LSI rejects the global null H(n)
0 . LSI splits the ω

Type I error budget into two parts, 0 < ε(n) < ω and ◁(n) = ω → ε(n). The ε(n) part of the budget is used

to determine which observations could have potentially been the winner. Define

N = |{j : X(n)
j ∈ X(n)

W (n) → 4z
1→ϖ(n)

n /2
}| (5.5)

to be the random number of observations that are within 4z
1→ϖ(n)

n /2
of the winner. The remaining ◁(n) of

the budget is used to perform simultaneous inference, but the simultaneous correction pretends that only

these N observations were ever present. Explicitly, LSI rejects H(n)
0 when

1 → #(X(n)
W (n)) ⇒ max{◁(n)

N , ωn}, ◁(n)
N = 1 → (1 → ◁(n))

1
N (5.6)

2
Technically, it finds a subset that, with high probability, contains a subset of means that would have been likely to produce

the winner
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Note that, because of the maximum in (5.6), LSI will never do worse than Sidak’s procedure. The fact that

rejecting according to the condition (5.6) is a Type I error controlling procedure is a consequence of Theorem

3 in Zrnic and Fithian [2024].

Intuitively, LSI should perform well whenever Corollary 1’s conditional procedure does. When the gap

between the winner and another observation is su”ciently large, LSI realizes that this other observation had

minimal chance of winning, and simply ignores it (i.e., it recognizes that the winner is large because it came

from a larger mean and not because of selection bias). If the gap between the winner and every observation

is large enough, then we will have N = 1 and LSI totally avoids doing any simultaneous correction (i.e., LSI

reduces to a one-dimensional Gaussian mean testing problem). In this case, LSI should be as powerful as is

possible. But what is a large enough gap for LSI?

Theorem 8 gives a surprising result. LSI can be powerless in needle-in-the-haystack settings even when

Corollary 1’s conditional test attains maximal power. The proof sketch below gives an idea of why.

Theorem 8. Consider data X(n)
i ⇐ N(µ(n)

i , 1) and the global null H(n)
0 = ∀

n
i=1H

(n)
0,i with H0,i : µ(n)

i ⇒ 0.

For every ⇀ ↑ [ω, 1], there exists a sequence of alternatives µ(n)
↑ Rn satisfying the assumptions of Theorem 7

such that, for all Type I error budgeting sequences 0 < ε(n)
n < ω, LSI’s test has zero limiting power despite

the maximal limiting power being ⇀. That is,

lim sup
n⇑⇐

P (▷LSI
n rejects ) = 0.

where ▷LSI
n is the test that rejects when (5.6) holds, despite the fact that

lim inf
n⇑⇐

sup
↼n↔Hn

P (▷n rejects ) = ⇀,

where Hn is the set of all tests that maintain level ω Type I error control under the global null H(n)
0 .

Proof sketch. We show the case where ⇀ = 1. Consider the sequence of alternatives given by (5.4). The test

that rejects when 1 → #(X(n)
1 ) ⇒ ω is in Hn and obviously has limiting power one. Based on how we have

set our means, we will have

X(n)
1 ∃ log log n

max
2⇔i⇔↙

∝
n′

X(n)
i ∃ log log n → 2

√
log n +


2 log

↓
n = log log n →

√
log n

min
2⇔i⇔↙

∝
n′

X(n)
i ∃ log log n → 3

√
log n

max
↙
∝
n′+1⇔i⇔n

X(n)
i ∃

√
2 log n → n

Therefore we see that X(n)
1 will be a clear winner and also have a gap to the runner-up which diverges

to ≃ in probability. Further, there are
↓

n observations within 4z
1→ϖ(n)

n /2
↙ 4

↓
2 log n of the winner, so

N ∃
↓

n (where N is from (5.5)). Because µ(n)
1 is growing very slowly, the simultaneous correction over

↓
n

observations will be too harsh and LSI will be powerless.

In Figure 5.3, we provide simulation results that verify Theorem 8’s conclusion. More specifically, we

consider a particular sequence of needle-in-the-haystack alternatives (similar to the one in the proof sketch),
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and show empirically that LSI is powerless as n ↘ ≃, whereas Corollary 1’s test has a limiting power of

one.

Briefly, we mention that because LSI is at least as powerful as Sidak’s procedure, it is easy to come up

with non needle-in-the-haystack alternatives where LSI attains maximal power but Corollary 1’s procedure

is powerless. For example, taking µ(n)
i = 1 for all 1 ⇒ i ⇒ n would su”ce. It remains concerning, however,

that LSI is designed to be powerful for needle-in-the-haystack alternatives, but it sometimes fails to be.

Theorem 8 suggests that LSI su!ers from a curse of dimensionality that the conditional procedure avoids.

We discuss why this may be the case in the next sub-section.

5.2.3 The (seeming) necessity of conditioning

Finally, we provide some brief discussion on why conditioning may be the crucial tool that allowed us

to gain power in this needle-in-the-haystack setting. Initially, this may seem surprising and counterintu-

itive. General wisdom dictates that conditionally valid methods should be less powerful than their marginal

counterparts. This is because requiring conditional validity imposes an additional constraint on the Type

I error control (conditional validity implies marginal validity, but not vice-versa). Hence, we may expect

reasonable conditional tests to be less powerful than reasonable marginal tests, which are derived without

this additional constraint in place. In actuality, conditioning (often times on nuisance statistics) allows us

to e!ectively reduce the dimension of the problem. We will see how, in our Gaussian inference on winners

problem, conditioning enables us to avoid a curse of dimensionality that standard marginally valid proce-

dures su!er from. Prior to proceeding, we mention that many of these ideas are similar to those discussed

in Fithian et al. [2017].

For simplicity, we will now return to having a fixed dimension n, so X ⇐ N(µ, In) is a random vector

in Rn, and W and R (respectively) are the random indices of the largest and second largest entries of X

(respectively).

Essentially, all the procedures we have discussed up to this point amount to doing inference on the random

estimand µW , i.e., the mean of the winning observation. A standard way to do inference on an estimand is

to come up with an estimator for it, and then study the deviations of the estimator. In our case, we use the

estimator XW and we study the deviations XW → µW .

In conditional inference, we opt to study the deviations XW → µW conditional on W . Once we have

conditioned on W , our estimand µW goes from being random to fixed. Along with our fixed estimand, there

n → 1 fixed nuisance parameters. This is now reminiscent of a classical statistics problem (like in Section

4.4 of Lehmann et al. [1986]). By conditioning further on nuisance statistics, we can remove the influence

of these additional nuisance parameters and truly reduce to a one-dimensional inference problem. To be

concrete, let X→W ↑ Rn→1 be a vector containing all the entries of X aside from XW . The conditional 1→ω

quantile of this deviation,

qcond1→ω (µw, x→w) = Quantile(XW → µW |W = w, X→W = x→w),

depends on µ only through the value of the winning mean. Therefore, when we invert the conditional 1→ ω
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high probability region

Rcond
1→ω (µ) = {x : xw → µw ⇒ qcond1→ω (µw, x→w) for w = argmax

1⇔i⇔n
xi}

to get an exact 1 → ω confidence region

CRcond
1→ω (X) = {µ ↑ Rn : X ↑ Rcond

1→ω (µ)} = {µ : µW ∈ XW → qcond1→ω (µW , x→W )},

the resulting confidence region provides non-trivial inferences only for the one-dimensional mean µW (which,

again, is a non-random parameter once we condition on W ). This confidence region is the same as (1.3)

from Chapter 1.

In contrast, if we study the deviations XW → µW marginally, then the 1 → ω quantile

qmarg
1→ω (µ) = Quantile(1 → ω, XW → µW ), (5.7)

depends on the entire µ vector. Inverting the 1 → ω high probability region

Rmarg
1→ω (µ) = {x : xw → µw ⇒ qmarg

1→ω (µw, x→w) for w = argmax
1⇔i⇔n

xi}

to get an exact 1 → ω confidence region

CRmarg
1→ω (X) = {µ ↑ Rn : X ↑ Rmarg

1→ω (µ)} = {µ : µW ∈ XW → qmarg
1→ω (µW , x→W )}, (5.8)

is not similar to what we do in a one-dimensional inferential problem. In fact, due to the high probability

region (5.7)’s multi-dimensional dependence on µ, it is unclear if finding the confidence region (5.8) is

even computationally feasible. Despite targeting a one-dimensional “estimand” µW , this confidence region

inadvertently provides non-trivial inferences for the entire mean vector, in part due to the estimand being

random.

Even though the confidence region (5.8) may be computationally di”cult to find, we can still verify that

the inferences it results in are, at best, as good as those from Sidak’s procedure. This is the subject of

Proposition 3 below.

Proposition 3. For n-dimensional Gaussian data X ⇐ N(µ, In), the confidence region CRmarg
1→ω (X) is an

exact 1 → ω confidence region for µ, i.e.,

P (µ ↑ CRmarg
1→ω ) = 1 → ω.

Furthermore, if Sidak’s procedure cannot a!rm that there is a positive mean, i.e., if

1 → #(XW ) > ωn, W = argmax
1⇔i⇔n

Xi,

then the projection of CRmarg
1→ω onto any coordinate axis contains a non-positive value.

The same issue we find with the marginal confidence region (5.7) is present with LSI. Although LSI

attempts to apply a smaller simultaneous correction than Sidak’s approach, the first step of any reasonable
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LSI procedure involves making simultaneously valid confidence intervals for each coordinate of µ. Doing so

appears to necessarily expose LSI to a curse of dimensionality that Corollary 1’s procedure avoids.

In summary, it appears that targeting random estimands but performing unconditional inference will

necessarily expose us to a curse of dimensionality. So how can we deliver powerful inferences while also

avoiding the exploding confidence regions we saw in Chapter 1? One idea would be to simply target a non-

random estimand. For example, we could try and target µ(1) instead of µW , where µ(1) ∈ µ(2) ∈ · · · ∈ µ(n)

are the sorted entries of µ. If we observe X only after the entries were randomly shu%ed, these sorted

parameters still identify our data generating distribution. Perhaps it is possible to come up with an estimator

for µ(1) and nuisance statistics that, once conditioned on, get rid of the nuisance parameters µ(2), . . . , µ(n).

We leave this as an area for further exploration. Another approach is hybrid inference, which we discuss

next.

5.3 Hybrid inference

Hybrid inference, originally proposed by Andrews et al. [2023], is an inference on winners procedure

that attempts to balance the benefits of the simultaneous and conditional approaches. It is a very elegant

idea, but it currently only applies to Gaussian data and can be di”cult to parse and implement. Using our

selective dominance framework, we give a simpler exposition of hybrid inference that enables its application

in more general settings, provided that the data is independent. As a bonus, our new procedure is very easy

to understand and implement.

Corollary 3 presents our hybrid testing procedure. We give the sketch of a proof and defer a detailed

proof to Appendix B.19.3.

Corollary 3 (Hybrid test for the winner). Suppose that pi are n independent and selectively dominant

p-values for the nulls H0,i, and let W be the index of the smallest p-value (with ties broken randomly). Fix

some ε ⇒ ω and define εn = 1 → (1 → ε)1/n. Rejecting H0,W when

p(1) ⇒
ω → ε

1 → ε
p(2) +


1 →

ω → ε

1 → ε


εn (5.9)

controls Type I error at level ω.

Proof sketch. Let B be the event that the smallest p-value comes from a null and is at most εn. We know

from Sidak’s procedure that P (B) ⇒ ε. Hence, on the complementary event Bc, which has probability

∈ 1 → ε, it su”ces to ensure that we fail to falsely reject H0,W with probability at least (1 → ω)/(1 → ε).

Supposing H0,j is true, imagine testing H0,j using pj only when Bc happens and W = j. This is exactly

like selecting pj to use for inference when it is between εn and maxi ≃=j pi. For this selection, Theorem 5’s

selective p-value is given by (pj →εn)/(maxi ≃=j pi→εn). Thus, we can ensure that we fail to reject H0,j when

Bc and W = j happen with probability at least (1 → ω)/(1 → ε) if we fail to reject whenever

pj → εn

maxi ≃=j pi → εn
> 1 →

1 → ω

1 → ε
⇍ pj >

ω → ε

1 → ε
max
i ≃=j

pi +


1 →

ω → ε

1 → ε


εn.

Our hybrid inference procedure fails to reject in this case.
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Written in terms of p-values, it is easy to see how the hybrid approach balances the benefits of the

simultaneous and conditional approaches. It will reject both when the smallest p-value is small in absolute

terms or when it small relative to the second smallest p-value. When the other p-values provide essentially

no evidence against the null (i.e., p(2) ∃ 1), hybrid rejects when p(1) is at most (ω→ε)/(1→ε), a cuto! that

has no dependence on the problem dimension n. Thus, hybrid performs at least on par with the conditional

procedure run at level (1 → ω)/(1 → ε). On the other hand, even if some other p-value provides as much

evidence against the null as the smallest, hybrid still rejects whenever the level ε simultaneous approach

does. This is because when p(1) ⇒ εn, the hybrid cuto! is a mixture of two things that are at least p(1), so

we reject.

The parameter ε allows hybrid inference to interpolate between the simultaneous and conditional ap-

proaches. When we set ε = 0 then the hybrid cuto! (5.9) becomes ωp(2) and we recover the conditional

method, and if we set ε = ω it becomes ωn = 1 → (1 → ω)1/n and we recover the simultaneous method.

5.3.1 Confidence regions

In parametric settings, we can get hybrid confidence regions for the winning parameter by inverting

Corollary 3’s test. Again suppose we have independent data Xi ⇐ Pςi from an MLR family Pς parametrized

by θ ↑ R, and let pς0i be the UMP p-value for testing the null Hς0
0,i : θi ⇒ θ0. By inverting Corollary 3’s test

we get a hybrid LCB for the winning parameter θW :


θ0 ↑ R : pς0(1) >

ω → ε

1 → ε
pς0(2) +


1 →

ω → ε

1 → ε


εn


. (5.10)

We argue in Appendix B.10 that the confidence region (5.10) indeed gives a LCB. We also show in Ap-

pendix B.10 how to invert Corollary 3’s test to get a CI (rather than an LCB), and that both our CI and

LCB match the original construction from Andrews et al. [2023] in the Gaussian case.

5.3.2 Comparison to the union bound

Another way to balance the benefits of the conditional and simultaneous approaches is to apply a union

bound. Naively, we can reject the winning null whenever the level ε simultaneous approach rejects or the

level ω → ε conditional approach rejects, i.e., whenever

p(1) ⇒ max{(ω → ε)p(2), εn}. (5.11)

The union bound harshly switches between the simultaneous and conditional approaches, whereas the hybrid

approach smoothly interpolates between them. This is illustrated in Figure 5.4, which compares the LCBs

resulting from the hybrid versus union bound approaches in the n = 20 dimensional Gaussian problem.

Written in terms of p-values, we easily see that the hybrid approach dominates the union bound approach,

which is a”rmed by Figure 5.4. Both methods reject when p(1) ⇒ εn. When p(1) > εn, it is quick to verify

that the hybrid cuto! (5.9) will be strictly larger than the union bound cuto! (5.11), meaning hybrid will

reject whenever the union bound does and more 3.

3
the authors Andrews et al. [2023] only point out that hybrid dominates the level ϑ classical approach, which is weaker than

our statement
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Figure 5.4: For the n = 20 dimensional Gaussian problem Xi ⇐ N(µi, ϖ2) with largest observation XW

and second largest observation XR, the standardized distance (XW → µ̂)/ϖ from XW to the level ω = 0.1
hybrid, conditional, and simultaneous LCB µ̂ as a function of the standardized gap (XW → XR)/ϖ between
the winner and runner-up. For hybrid we take ε = 0.01. The larger of the level ω = 0.09 conditional LCB
and level ω = 0.01 simultaneous LCB are shown in green (i.e., the union bound LCB).

Practically speaking, however, hybrid inference does not result in much improvement over the union

bound, especially as it pertains to making discoveries. This is already somewhat evident in Figure 5.4, where

we see that the hybrid LCB, although always larger than the union bound LCB, is still always very close to

it. As the variance ϖ2 gets large, the absolute di!erence µ̂hyb → µ̂union between the hybrid and union bound

LCBs grows with ϖ, but the relative di!erence (µhyb → µ̂union)/ϖ (in units of standard deviation) remains

the same (see Appendix B.10.4). Accordingly, even when the hybrid cuto! (5.9) is larger than that of the

union bound (5.11), it is provably not much larger. We detail why in Appendix B.11, where we also run a

number of simulations comparing the power of the hybrid and union bound approaches. In our simulations,

we are unable to find a setting where the hybrid approach results in a appreciable power gain.

Overall, we suggest viewing hybrid inference as a procedure that squeezes the remaining power out of

the union bound approach. As it is not computationally more expensive and our p-value viewpoint makes

it equally easy to implement, it is always worth using in place of the union bound.

5.3.3 Applying the closure principal

As was true in the conditional case, treating Corollary 3’s test as a global null test and closing it allows

us to make more discoveries. As we allow ε to range from 0 to ω, this closed procedure interpolates between

Corollary 2’s closed procedure and the Holm-Sidak procedure, which is the closure of Sidak’s global null test.

Corollary 4 (Closed hybrid testing for winners). Suppose that pi are n independent and selectively dominant

p-values for the nulls H0,i. Let H0,(j) denote the null corresponding to the jth smallest p-value (with ties

broken randomly) and define p(n+1) = 1. Fixing some ε ⇒ ω, rejecting the null hypotheses H0,(k) for which

p(j) ⇒
ω → ε

1 → ε
p(j+1) +


1 →

ω → ε

1 → ε


εn→j+1

for every j ⇒ k controls FWER error at level ω.
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This closed procedure is also best understood sequentially. We reject H0,(1) when p(1) ⇒
ω→ϖ
1→ϖ p(2) + (1 →

ω→ϖ
1→ϖ )εn. Then, if we rejected H0,(1), we reject H0,(2) when p(2) ⇒

ω→ϖ
1→ϖ p(3) + (1 →

ω→ϖ
1→ϖ )εn→1, so on and so

forth until we fail to reject.



Chapter 6

Rank verification via selective

inference

In this chapter, we use Chapter 4’s framework to study a class of rank verification problems. First, we

consider some motivating real world examples

Rank verification for large language models: LM Arena [Chiang et al., 2024a] is a platform that

currently has over thirty-thousand daily users and ranks the performance of n > 200 large language models

according to user preference data. Figure 6.1 provides an example of what the leader board may like. Is

Gemini-2.5-Pro-Preview-05-06, the model at the top of this example leader board, actually the best model?

If so, by how much?

Rank verification across multiple clinical trials: A big pharmaceutical company is interested in

investing in a drug, and are examining n = 5 smaller pharmaceutical companies that have developed drugs

targeting a similar condition. These smaller companies have each completed an early stage clinical trial, and

the big company wants to decide which one of these smaller companies to partner with. Is the drug with

the highest observed average treatment e!ect truly the best of the bunch? If so, how much better is it (i.e.,

how much of a premium should the company be willing to pay)?

Rank verification for machine learning benchmarks: Suppose we evaluate n di!erent pretrained

machine models on a benchmark dataset. For example, we may evaluate the five di!erent pretrained ResNet

models that PyTorch o!ers on the ImageNet validation dataset [Deng et al., 2009]. The results of this

experiment are shown in Table 6.1. Is ResNet-152, the model with the best performance on the validation

dataset, actually the best model? If so, by how much (i.e, is it worth the extra latency and compute cost)?

52
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Figure 6.1: A screenshot displaying the top ten entries of the LM Arena leader board. Left-most column
denotes the rank of the model on the leader board, which is determined by the model’s “Arena Score” in the
fourth column. The fifth column provides 95% bootstrap confidence intervals for the population arena score,
but with no multiplicity correction, so these confidence intervals cannot be used to safely draw inferences
about the population ranking.

Model Top-1 accuracy

ResNet-18 0.673

ResNet-34 0.713

ResNet-50 0.801

ResNet-101 0.810

ResNet-152 0.817

Table 6.1: The top-1 accuracy (i.e., the fraction of examples where the model’s top prediction matches the
true label) of the five pretrained ResNet models on the m = 50000 sample ImageNet Validation set. The
number denotes the number of layers, so a larger number indicates a larger model. The model with the
highest observed accuracy is bolded.

All of these are examples of rank verification problems, and they can be formalized as follows. We observe

a multivariate Gaussian vector X ⇐ N(µ, &) and see that W = argmax1⇔i⇔n Xi is the index of the largest

observation. Can we claim that µW > maxj ≃=W µj , i.e., that the largest observation came from the largest

mean? We elaborate on how each of the above scenarios reduces to solving this problem.

Rank verification for large language models: The models on the LM Arena leader board are ranked

by “arena scores”. These scores are linear transformations of coe”cients ε̂ ↑ Rn from a Bradley-Terry model

[Bradley and Terry, 1952]. Because the model is fit from i.i.d. samples, these coe”cients follow a central

limit theorem when the number of examples is large, i.e., ε̂⇐̇N(ε, &) for some non-diagonal covariance &.

Letting W be the index of the model with the largest fitted coe”cient, we want to know, for what ⇀ ↑ R
can we claim εW > minj ≃=W εj + ⇀ ?

Rank verification in multi-arm clinical trials: If there are enough participants in each clinical trial,
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then the vector with each drug’s average observed treatment e!ect X ↑ Rn obeys a central limit theo-

rem, i.e., X⇐̇N(µ, &) with diagonal covariance &. We want to know, for what ⇀ ↑ R can we claim that

µW > maxj ≃=W µj + ⇀?

Rank verification for machine learning benchmarks: When the benchmark dataset is large enough,

the vector X ↑ Rn with each models classification accuracy obeys a central limit theorem, i.e., X⇐̇N(µ, &) or

some non-diagonal covariance &. We want to know, for what ⇀ ↑ R can we claim that µW > maxj ≃=W µj +⇀?

This chapter mainly considers a generalization of our motivating problem. Defining S to be the set

containing the indices of the largest 1 ⇒ K < n entries of X, we aim to draw the inference mini↔S µi →

maxj ≃↔S µj > ⇀ that the largest K observations came from means that are more than ⇀ larger than the other

means. We provide a powerful and computationally tractable error controlling procedure for drawing this

inference, and can can recover a solution to our motivating problems by setting K = 1. Throughout our

discussion, we will assume that the covariance & is known. In our applications, & is not known but can be

estimated from the data.

To start the chapter, we give a high level overview of how we can use Chapter 4’s framework to derive

our procedure. In the process, we also discuss how our procedure dominates existing simultaneous inference

competitors. Then, we give a formal statement of our procedure and characterize its behavior in some special

settings. With all of our contributions in place, we contextualize our work by providing a broader literature

review on rank verification. After the literature review, we provide a series of real data applications. We

conclude by demonstrating how the framework from Chapter 4 can also be applied to rank verification

problems in alternative settings, specifically the exponential family setting explored in Hung and Fithian

[2019b].

6.1 Overview of approach

Prior to describing how we derive our selective rank verification procedure, we start with a simpler and

non-selective problem. Having observed data X ⇐ N(µ, &), when can we verify that µi is strictly larger than

the other means? This is a classical statistical inference problem. The inferential question has been fixed

prior to observing the data, and it has not been selected in a data-dependent manner.

Defining the null hypotheses H0,ij : µi ⇒ µj for i ↖= j, our goal is to reject the union null hypothesis

∋j ≃=iH0,ij . One reasonable approach (from Berger [1982]) is to reject this null when we reject the individual

nulls H0,ij for all j ↖= i. Defining

vij =


Var(Xi → Xj) =
√

&ii → 2&ij + &jj

to be the standard deviation of Xi → Xj , Example 3.9.2 from Lehmann et al. [1986] tells us that the UMP

test for H0,ij rejects when,

Xi > Xj + vijz1→ω

Therefore, our earlier reasoning implies that it is safe to reject ∋j ≃=iH0,ij whenever

Xi > Xj + vijz1→ω for all j ↖= i.
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In our problem, our goal is not to reject ∋j ≃=iH0,ij for some fixed i ↑ [n], but rather to reject the data-

dependent null hypothesis ∋j ≃=WH0,Wj , where W is the index of the largest observation. In other words, we

only ever try and reject ∋j ≃=iH0,ij after observing that W = i. A simple fix is simultaneous inference. We run

our above procedure for every 1 ⇒ i ⇒ n, but to account for the fact that we are now simultaneously testing

n hypotheses, we run it at level ω/n rather than level ω. (i.e., we apply a Bonferroni correction). Then, after

observing that W = i, it is safe for use to reject ∋j ≃=WH0,Wj so long as we happened to reject ∋j ≃=iH0,ij

at the reduced level ω/n. In practice, this approach amounts to observing that W = i and then running

our original test for ∋j ≃=iH0,ij at level ω/n instead of level ω. It enables us to claim that µW > maxj ≃=W µj

whenever

XW > Xj + vWjz1→ω/n for all j ↖= W. (6.1)

Note that in (6.1), because z1→ω/n = O(
↓

log n) grows with the dimension n, this simultaneous procedure

requires the winning observation XW to have a larger and larger gap to the remaining observations as the

dimension of the problem grows.

In our selective approach, we recognize that our above UMP test for H0,ij rejects exactly when the

selectively dominant p-value pij = 1→#((Xi→Xj)/vij) is at most ω. Correspondingly, our earlier procedure

for rejecting ∋j ≃=iH0,ij rejects exactly when maxj ≃=i pij ⇒ ω. When try to reject ∋j ≃=WH0,Wj via our selective

approach, we imagine only selecting the p-values pij for j ↖= i to use for inference when W = i. We show

that the selection event W = i corresponds to selecting pij to use for inference when it lives in some interval

[Aij , Bij ], where Aij and Bij are random quantities that are independent of pij . To account for selection, we

reject not when all of the pij for j ↖= i are at most ω, but rather when all of the corrected selective p-values

(pij → Aij)/(Bij → Aij) are at most ω.

The selective procedure above controls the probability of false rejection conditional on W , but Aij and Bij

have complicated forms, and it is incredibly di”cult to parse. Crucially, by doing some additional analysis,

we can show that, when W = i, each of the selective p-values (pij → Aij)/(Bij → Aij) for j ↖= i satisfy the

bound
pij → Aij

Bij → Aij
⇒ 2 max

j ≃=i
pij .

This means that our selective approach is at least as powerful as the following procedure: first we observe

W = i, and then we run our original test for ∋j ≃=iH0,ij at level ω/2 rather than at level ω. This is much

better than the above simultaneous approach, which required us to run this test at level ω/n. In contrast to

the simultaneous approach, the selective approach enables us to claim that µW > maxj ≃=W µj whenever

XW > Xj + vWjz1→ω/2 for all j ↖= W. (6.2)

Unlike (6.1), the above rejection region (6.2) has z1→ω/2 in place of z1→ω/n, and it does not require the

gap from XW to the remaining observations to be larger for higher dimensional problems. Note that our

selective procedure will make at least as many discoveries as the simultaneous approach, and strictly more

when n > 2.

This is the crux of our contribution. A selective approach that is strictly more powerful than the

simultaneous approach because it avoids a curse of dimensionality that the simultaneous approach fails to.

In Appendix B.17, we demonstrate how more sophisticated and general simultaneous approaches (including

Tukey’s honest significant di!erences test) for this problem also fail to avoid this curse of dimensionality.
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As a consequence, these other simultaneous approaches are also strictly dominated by our procedure when

n > 2.

6.2 Main results

In this subsection, we provide our selective rank verification procedure along with some theoretical results

that help us better understand its behavior. We imagine observing n-dimensional data X ⇐ N(µ, &) where

& is known. Our only restriction on & is that we require Xi and Xj to be not perfectly correlated when i ↖= j.

Considering the null hypotheses Hϱ
ij : µi → µj ⇒ ⇀, we derive an error controlling procedure for rejecting the

data dependent union null ∋i↔S,j ≃↔SHϱ
ij , where S is the set of the largest K observations’ indices. Formally,

a false rejection happens when we reject ∋i↔S,j ≃↔SHϱ
ij and µi is not more than ⇀ larger than µj for all i ↑ S

and j ↖↑ S. Tying back to our motivation, we can safely draw the inference mini↔S µi →maxj ≃↔S µj > ⇀ when

we reject ∋i↔S,j ≃↔SHϱ
ij .

Prior to stating our simplified results, we introduce some notation. First, for a pair i ↖= j, we define

Dϱ
ij =

Xi → Xj → ⇀

vij
, v2

ij = Var(Xi → Xj) = &ii → 2&ij + &jj .

Considering another pair of indices k ↖= ς, we use 0ij,kϑ to denote the correlation between Dij and Dkϑ.

Using this notation, Theorem 9 states our method. Though it may look complicated, it is easy to

implement on a computer and we will soon see that its behavior is very interpretable. In our statement of

the theorem, we adopt the convention that the maximum of an empty set is →≃.

Theorem 9 (Gaussian rank verification). If we reject ∋i↔S,j ≃↔SHϱ
ij when

max
i↔S,j ≃↔S

#



Dϱ
ij → max

k↔S,ϑ ≃↔S:
↽ij,kω<0

1
↽ij,kω

D0
kϑ



→ #(Dϱ
ij)

#



Dϱ
ij → max

k↔S,ϑ ≃↔S:
↽ij,kω<0

1
↽ij,kω

D0
kϑ



→ #



Dϱ
ij → min

k↔S,ϑ ≃↔S:
↽ij,kω>0

1
↽ij,kω

D0
kϑ





⇒ ω (6.3)

then, conditional on S, the probability of making a false rejection is at most ω.

Our next result, Theorem 10, helps us make sense of Theorem 9’s method. It is easiest to state in terms

of the p-values pϱij = 1 → #(Dϱ
ij), which are selectively dominant p-values for the nulls Hϱ

ij .

Theorem 10 (Understanding Gaussian rank verification). For ⇀ ∈ 0, the procedure from Theorem 9 is

guaranteed to reject ∋i↔S,j ≃↔SHϱ
ij whenever

max
i↔S,j ≃↔S

pϱij ⇒ ω/2. (6.4)

Remark 1. The proof of Theorem 10 also informs us that for ⇀ < 0, the procedure from Theorem 9 is

guaranteed to reject ∋i↔S,j ≃↔SHϱ
ij whenever maxi↔S,j ≃↔S p0

ij ⇒ ω/2.

Essentially, Theorem 10 tells us that, for ⇀ ∈ 0, Theorem 9’s test will reject ∋i↔S,j ≃↔SHϱ
ij whenever all the

two-sided di!erence-of-means tests comparing pairs of observations inside and outside of the top K reject,
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Algorithm 3 Top-1 rank verification via simultaneous inference

Input: data X ↑ Rn, covariance matrix & ↑ Rn↑n, significance level ω

procedure simultaneous LCB(X, &, ω)
⇀̂ △ ≃

W △ index of largest observation in X
for j ↖= W do

⇀̂ △ min(XW → Xj → vWjz1→ω/n, ⇀̂) ↼ vWj =
√

&WW → 2&Wj + &jj

return: ⇀̂

and possibly also in other situations as well. We already discussed why, in the case of K = 1 and ⇀ = 0, this

is a strict improvement over the simultaneous inference approach discussed in Section 6.1. Appendix B.17

explains why this is a strict improvement over other simultaneous inference approaches for ⇀ ∈ 0 and all

values of K as well.

Theorem 10 also clarifies a sense in which the error control in Theorem 9’s is tight. Fixing any covariance

&, if we consider the mean vector ≃ = µ1 = . . . µK→1 > µK = µK+1 > µK+2 = · · · = µn = →≃,

then ∋i↔S,j ≃↔SH0
ij is always true and any rejection of ∋i↔S,j ≃↔SH0

ij is false. In this setting, all of the two-

sided di!erence-of-means tests in Theorem 10 reject with probability one, aside from the one comparing the

observations XK and XK+1. This test will falsely reject with probability exactly ω (after all, this is the

setting of a vanilla two-sided test), and Theorem 10’s procedure will therefore falsely reject with probability

exactly ω. Theorem 9’s test both (1) rejects whenever Theorem 10’s condition holds and (2) still maintains

error control, so it must falsely reject ∋i↔S,j ≃↔SH0
ij with probability exactly ω as well.

We mention that the time complexity of running Theorem 9’s test is O(K2(n → K)2), which can be

O(n4) in the worst case (e.g. if K = n/2). This will still not be prohibitive for many problems, but if it is,

Theorem 10 tells us that we can safely reject ∋i↔S,j ≃↔SHϱ
ij whenever the condition (6.4) holds, which only

takes O(K(n → K)) time to check (i.e., O(n2) in the worst case). Because Theorem 9’s test can reject even

when this condition does not hold, however, doing so can potentially result in a loss of power (aside from in

some special cases that we point out in Section 6.2.2). We mention that when K = 1, like in our original

motivating problem, Theorem 9’s test only takes O(n2) time to run and Theorem 10’s condition only takes

O(n) time to check.

6.2.1 Getting lower confidence bounds

By inverting tests ∋i↔S,j ≃↔SHϱ
ij , i.e., finding the the smallest ⇀ for which the test fails to reject, we can

get a strict LCB for the di!erence mini↔S µi → maxj ≃↔S µj between the smallest mean whose observation is

in S and the largest mean whose observation is not in S. For the case that K = 1, we can easily generalize

the simultaneous inference test we described in Section 6.1 to apply for any ⇀ ↑ R and then invert it. This

results in the LCB given by Algorithm 3. We will refer to Algorithm 3’s LCB as the simultaneous LCB.

As an alternative, we can also get an LCB that is valid conditionally on S by inverting Theorem 9’s test.

We argue carefully that inverting Theorem 9’s test results in a LCB in Appendix B.18. In practice, this

LCB must be found via a binary search, as is described in Algorithm 4. We will refer to Algorithm 4’s LCB

as the conditional LCB.

Theorem 10 implies an important fact about the simultaneous and conditional LCBs: whenever the

conditional LCB is non-positive, it is guaranteed to be larger than the simultaneous LCB. This means that
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Algorithm 4 Top-K rank verification via conditional inference

Input: data X ↑ Rn, covariance matrix & ↑ Rn↑n, number of winners K, significance level ω

procedure conditional LCB(X, &, K, ω)
S △ indices of largest K observations in X
⇀̂ △ via binary search, find ⇀̂ such that

max
i↔S,j ≃↔S

#



Dϱ̂
ij → max

k↔S,ϑ ≃↔S:
↽ij,kω<0

1
↽ij,kω

D0
kϑ



→ #(Dϱ̂
ij)

#



Dϱ̂
ij → max

k↔S,ϑ ≃↔S:
↽ij,kω<0

1
↽ij,kω

D0
kϑ



→ #



Dϱ̂
ij → min

k↔S,ϑ ≃↔S:
↽ij,kω>0

1
↽ij,kω

D0
kϑ





= ω

↼ vij =
√

&ii → 2&ij + &jj

↼ D⇀
ij = (Xi → Xj → 1)/vij

↼ 0ij,kϑ = !ik→!iω→!jk+!jω

vijvkω

return: ⇀̂

whenever the conditional LCB enables us to make a discovery, i.e., it allows us to say with confidence that

the K largest observations come from means that are strictly larger than the rest, it is guaranteed to certify a

bigger gap between the means of the K largest observations and the remaining means than the simultaneous

LCB. This is not the case, however, when the conditional LCB returns a negative value (i.e., no discovery is

made). In this case the conditional LCB can be much lower than the simultaneous LCB. In fact, if the top

K and bottom n → K observations get too close, the conditional LCB can diverge to →≃, like we saw for

the inference on winners problem in Chapter 1. We will observe this happen later when we discuss our real

data applications.

This leaves users with a trade-o!. If they want to ensure that their LCB will never be too negative,

they should use the simultaneous approach. If they want to maximize their chance of making a discovery,

however, and also be able to make the best possible claim about the strength of said discovery once it has

been made, they should use the conditional approach. We suspect that most users care significantly more

about the latter, especially since the exploding inferences of the conditional approach are relatively rare (we

will see this later). One can always try and get the best of both worlds by taking a hybrid or union bound

approach as in Section 5.3. Doing so will prevent the exploding intervals, but also lessen the user’s ability

to make discoveries. We suspect that users are more interested in making discoveries than anything else.

We re-iterate that, despite the fact that the conditional LCB can diverge to →≃, it is provably guaranteed

to make more discoveries in each individual problem instance (not just on average). This is more than

enough to justify its use. It is also in stark contrast the to the inference on winners problem we discussed

in Chapter 5, where conditional inference (Corollary 1) had no such advantage over simultaneous inference

and still su!ered from the exploding inference problem.

Finally, we mention that Theorem 10 and Remark 1 in tandem imply the validity of a much simpler way

to make an LCB for mini↔S µi→maxj ≃↔S µj that is conditionally valid on S: for all i ↑ S and j ↖↑ S, compute

the lower bounds Xi →Xj → vijz1→ω/2 of the standard two-sided di!erence-of-means confidence intervals for

µi → µj , and take the lowest one. If it is non-negative, return it as the LCB, otherwise return →≃.

We describe this simpler procedure, which mimics the one suggested in Hung and Fithian [2019b], in
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Algorithm 5 More simple top-K rank verification via conditional inference

Input: data X ↑ Rn, covariance matrix & ↑ Rn↑n, number of winners K, significance level ω

procedure simple conditional LCB(X, &, K, ω)
⇀̂ △ ≃

S △ indices of largest K observations in X
for i ↑ S do

for j ↖↑ S do

⇀̂ △ min(Xi → Xj → vijz1→ω/2, ⇀̂) ↼ vij =
√

&ii → 2&ij + &jj

if ⇀̂ ∈ 0 then

return: ⇀̂
else

return: →≃

Algorithm 5. This LCB will always be less than or equal the one that results from inverting Theorem 9’s test

(i.e., it is worse), but it is faster to compute and easier to understand. Like was the case for Algorithm 4’s

LCB, whenever Algorithm 5’s LCB is non-negative it will be larger than Algorithm 3’s LCB.

6.2.2 Some special cases

Briefly we discuss some special cases where we can even more precisely characterize the behavior of

Theorem 9. Our focus will always will always be for the ⇀ = 0 problem, where we are simply trying to verify

that the top K observations came from means that are strictly larger than the rest.

Our first special case is when & is diagonal, i.e., the observations are independent. The below result tells

us that, in this case, Theorem 10 gives an exact characterization of Theorem 9’s test.

Corollary 5 (Independence). When & is diagonal, the procedure from Theorem 9 rejects ∋i↔S,j ≃↔SH0
ij exactly

when the condition (6.4) from Theorem 10 is satisfied. More specifically, if I and J are the indices of the

observations inside and outside of the top K with the smallest standardized di”erence, so

XI → XJ

vIJ
= min

i↔S,j ≃↔S

Xi → Xj

vij
,

then the procedure from Theorem 9 rejects ∋i↔S,j ≃↔SH0
ij exactly when

XI > XJ + vIJz1→ω/2.

Our next result explains that the same is true for equicorrelated data. The work of Hung and Fithian

[2019b] implies the below result for the case that K = 1, but we generalize it to any K.

Corollary 6 (Equicorrelation). If & is an equicorrelation matrix, i.e., for some 0 ↑ (→1, 1)

&ij =





ϖ2 if i = j

0ϖ2 if i ↖= j,

then the procedure from Theorem 9 rejects ∋i↔S,j ≃↔SH0
ij exactly when the condition (6.4) from Theorem 10

is satisfied. More specifically, if I and J are the entries of the Kth and (K + 1)st largest observations



CHAPTER 6. RANK VERIFICATION VIA SELECTIVE INFERENCE 60

respectively, then the procedure from Theorem 9 rejects ∋i↔S,j ≃↔SH0
ij exactly when

XI > XJ + vIJz1→ω/2.

We also provide an analogous result for autocorrelated data when K = 1 or K = n → 1, provided that

the amount of autocorrelation is not too large.

Corollary 7 (Autocorrelation). Suppose that & is an autocorrelation matrix with small enough autocorrela-

tion. Specifically, the entries of & are given by &ij = ϖ0|i→j|, with 0 ↑ [ 1→
∝

5
2 , 1

2 ]. For K = 1 or K = n → 1,

the procedure from Theorem 9 rejects ∋i↔S,j ≃↔SH0
ij exactly when the condition (6.4) from Theorem 10 is sat-

isfied. More specifically, if I and J are the indices of the observations inside and outside of the top K with

the smallest standardized di”erence, so

XI → XJ

vIJ
= min

i↔S,j ≃↔S

Xi → Xj

vij
,

then the procedure from Theorem 9 rejects ∋i↔S,j ≃↔SH0
ij exactly when

XI > XJ + vIJz1→ω/2.

Finally we characterize how our method behaves if we set K = 1 and apply it to multinomial data.

Particularly, we imagine using a multivariate Gaussian distribution to approximate the joint distribution

of t multinomial trials Y ⇐ Multinomial(t, 21, . . . , 2n), i.e., we define 2̂ = Y/t and apply our method to

2̂
·
⇐ N(2, 2̂/t → 2̂2̂↗/t).

Corollary 8 (Multinomial). Suppose K = 1 and we apply Theorem 9’s procedure to data X = 2̂ with

covariance & = 2̂/t→2̂2̂↗/t. Defining W and R to be the indices of the largest and second largest observations

in 2̂ respectively, Theorem 9’s procedure will reject ∋i↔S,j ≃↔SH0
ij exactly when

XW > XR + vWRz1→ω/2.

More generally, we learn in the proof of Corollary 8 that when the covariance is & = 2̂/t → 2̂2̂T /t, the

maximum vWj for j ↖= W is attained by vWR. It is then straightforward to show that, for this multinomial

problem, Algorithm 5 will return 2̂W → 2̂R → vWRz1→ω/2 as an LCB for 2W →maxj ≃=W 2j . This result along

with Corollary 8 can be viewed as a recovery of the main application in Hung and Fithian [2019b].

6.3 Related work

Both Gutmann and Maymin [1987] and Stefansson et al. [1988] study our problem in the case that

K = 1, ⇀ = 0, and the data Xi ⇐ N(µi, ϖ2) are independent Gaussian samples with common variance. They

show that drawing the inference mini↔S µi →maxj ≃↔S µj > ⇀ whenever the two-sided di!erence-of-means test

comparing the largest and second largest observation rejects is an error controlling procedure. Our work

provides a complete generalization of their result in the case of multivariate Gaussian data, allowing for any

K, any covariance structure, and any ⇀ ↑ R. Work prior to Gutmann and Maymin [1987] studied related

rank verification problems in similar settings [Bechhofer, 1954, Bofinger, 1983, 1985b, Desu, 1970, Fabian,
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1962, Gupta, 1965, 1956, Hsu, 1981b, 1984], but used simultaneous inference techniques and failed to avoid

a multiplicity correction as Gutmann and Maymin [1987] did. Follow-up work to Gutmann and Maymin

[1987] includes methods that avoid multiplicity corrections for other rank verification problems [Gutmann,

1987, Maymin and Gutmann, 1992], but in similarly restricted settings. Also, Cheng and Panchapakesan

[2009] extend Gutmann and Maymin [1987]’s result to the case of independent samples from a scale family

with a monotone likelihood ratio (Gutmann and Maymin [1987] themselves handle the case of independent

samples from a location family with a monotone likelihood ratio).

To prove their result Gutmann and Maymin [1987], condition on the index of the winning observation.

This is a similar strategy to that of modern post-selection inference, a field initiated by the seminal work

Lee et al. [2016a]. By leveraging modern selective techniques, Hung and Fithian [2019a] generalize Gutmann

and Maymin [1987]’s procedure to apply for exponential families with Schur concave carrier measures (for

K = 1 and any ⇀ ↑ R). Schur concavity requires the carrier measure to be symmetric, so for the multivariate

Gaussian case Hung and Fithian [2019a] only generalize Gutmann and Maymin [1987]’s procedure from

the independent to the equicorrelated setting (our Corollary 5 and Corollary 6 cover both of these cases).

The main focus of Hung and Fithian [2019a] is rank verification for multionmial data. If there are enough

samples, then multinomial data can be approximated as correlated multivariate Gaussian data via the central

limit theorem, and our Corollary 8 recovers Hung and Fithian [2019a]’s result. Hung and Fithian [2019a]

also consider rank verification for the Bradley-Terry model, but their method (1) only scales to games with

roughly n = 40 players and (2) requires each player to play the other players the same number of times (both

conditions are violated in our LM Arena example). Work that is concurrent with and independent from ours

considers multivariate Gaussian rank verification in the independent and unequal variance case [Goldwasser

et al., 2025]. Indeed, once restricted to this case, Theorem 9’s method matches that of Goldwasser et al.

[2025]. Goldwasser et al. [2025], however, do not show that the resulting method amounts to running all the

two-sided di!erence-of-means tests comparing all the observations inside the top K with all the observations

outside of the top K (i.e., they have no analog of our Theorem 10 or Corollary 5). As a consequence, they

do not formally characterize the method’s behavior or power.

6.4 Applications

Having developed and contextualized our method, we provide a series of real data examples that demon-

strate its usefulness.

6.4.1 Ranking large language models from user preference data

Although we do not have access to the full LM Arena data, we can use a smaller dataset that LM Arena

has made publicly available [Chiang et al., 2024b]. This dataset contains m = 33000 i.i.d examples of human

preference data, where users provide two models with the same prompt and then mark which of the two

models performed better. In total, the dataset has n = 20 models.

Following Chiang et al. [2024a], we use this data to fit a weighted Bradley-Terry model [Bradley and

Terry, 1952], where each example is inversely weighted by the probability of those two models being shown

to the user. Because these probabilities are not given to us, we estimate them from the data. Table 6.2

reports the arena scores, which are found by multiplying each model’s Bradley-Terry coe”cient by 400 and
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Model name Arena score

gpt-4 1535
claude-v1 1439
claude-instant-v1 1351
gpt-3.5-turbo 1301
guanaco-33b 1160
vicuna-13b 1132
palm-2 1104
wizardlm-13b 1093
vicuna-7b 1051
koala-13b 1019
mpt-7b-chat 896
gpt4all-13b-snoozy 889
RWKV-4-Raven-14B 873
alpaca-13b 841
oasst-pythia-12b 828
chatglm-6b 790
fastchat-t5-3b 776
stablelm-tuned-alpha-7b 691
llama-13b 657
dolly-v2-12b 656

Table 6.2: Arena scores of the n = 20 models from the publicly available LM Arena dataset [Chiang et al.,
2024b].

then adding 1000.

Table 6.2 shows that gpt-4 is the best performing model on Chiang et al. [2024b]’s dataset. Can we a”rm

that it is indeed the best performing model in the population (i.e., if we had infinite samples)? Because

the number of samples is so large, the central limit theorem implies our estimated coe”cients ε̂
·
⇐ N(ε, &)

approximately follow a normal distribution centered around the population coe”cients ε. The covariance &

is unknown, but we can estimate it via the bootstrap (we use b = 10000 bootstrap iterates). This enables

to apply both Algorithm 3 and Algorithm 4 to get LCBs for the di!erence between gpt-4 and the remaining

models’ population arena scores. Algorithm 3’s simultaneous LCB enables us to say with 95% confidence

that

ArenaScoregpt→4 > max
model≃=gpt→4

ArenaScoremodel → 21. (6.5)

That is, we can a”rm that gpt-4’s population arena score is not too much worse than any of the other

models. In contrast, Algorithm 4’s conditional approach enables us to a”rm with confidence that gpt-4 is

indeed be the best model in the population. In particular, it allows to say with 95% confidence that

ArenaScoregpt→4 > max
model≃=gpt→4

ArenaScoremodel + 19. (6.6)

Despite having such a large sample size, we still air on the safe side and run some simulations to a”rm

that our conditional LCB does not undercover in this sort of real data setting. In our simulations, we use

our fitted Bradley-Terry coe”cients ε̂ as the population coe”cients. For each simulated trial, we sample

m = 33000 pairs of competing models (i, j) with i < j from our original dataset (with replacement), and

mark that the ith model won with probability f(eϖ̂i→ϖ̂j ), where f(·) is the sigmoid function. To save time, we

only run B = 1000 simulated trials and only use b = 100 bootstrap iterates in each of these trials. Our 95%
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Figure 6.2: For each sub-sample size on the x-axis, the five ResNet models from Table 6.1 are evaluated on
B = 100 di!erent random sub-samples of the size m = 50000 ImageNet validation set. The plots give the
distribution of the resulting conditional LCBs from Algorithm 4 and simultaneous LCBs from Algorithm 3
(left), along with the proportion of times these LCBs are non-negative (right).

conditional LCB has an empirical miscoverage rate of only 0.001. Note that this overcoverage should not be

surprising. Even though our conditional procedure is strictly more powerful than simultaneous inference, it

still involves taking the maximum of n = 20 selective p-values, so it can certainly be conservative. This may

especially be the case when many observations are in close competition to be the largest, as is the case in

this example.

6.4.2 Ranking ResNet models

We revisit the problem of determining whether the ResNet model with the best performance on the

validation dataset is actually the best performing model in the population (see Table 6.1 for a refresher on

the five di!erent models and their performances). We will denote the validation top-1 accuracy (i.e., the

fraction of validation examples where the model’s top prediction matches the true label) of the five models

as q̂ ↑ R5, with q̂i being the validation accuracy of the ith largest model (so q̂5 is the validation accuracy

of ResNet-152). Since q̂ is a sample mean of m = 50000 five-dimensional i.i.d observations, it should follow

roughly a normal distribution by the central limit theorem, i.e., q̂
·
⇐ N(q, &) where q ↑ R5 contains the

unknown population accuracies of the five models. Having observed that q̂5 is the largest entry of q̂, we want

to verify whether or not q5 is the largest entry of q. Although the covariance & of q̂ is unknown, q̂ is a sample

mean, so & is easy to estimate from the data. We point out that, because models often get the same easy

examples correct and same di”cult examples wrong, the covariance & is dense and highly non-trivial. This

dense covariance precludes us from using the methods of Gutmann and Maymin [1987], Hung and Fithian

[2019b], and Stefansson et al. [1988].

We compare four approaches for verifying that q5 is the largest entry of q:

1. Incorrect approach: Often times, the validation set performance of models is displayed exactly as

we have shown it in Table 6.1, and it is implicitly assumed that the model with the best validation

performance would perform the best in the population. For example, this is the case in the original
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ResNet paper, which contains a table exactly like the one we have presented [He et al., 2016]. This

approach is unprincipled, and can result in false claims with high probability!

2. Naive approach: A naive, but statistically valid approach, is to report standard error bars for

each model’s validation accuracy. These sorts of error bars are what are now typically presented

in contemporary machine learning literature. Using these error bars, one can apply a Bonferonni

correction and get simultaneously valid confidence intervals for each model’s population accuracy. For

example, we can say with 95% confidence that all of the following statements simultaneously hold:

q1 ↑ (0.667, 679), q2 ↑ (0.707, 0.719), q3 ↑ (0.796, 0.806), q4 ↑ (0.805, 0.815), q5 ↑ (0.812, 0.821)

Because the intervals for q4 and q5 overlap, however, this approach does not allow us to confidently

say that ResNet-152 is the best model.

3. Simultaneous approach: The simultaneous approach is to use the LCB given by Algorithm 3. Unlike

the previous naive approach (which is technically just a di!erent way of doing simultaneous inference),

this non-naive simultaneous approach does inference on the di!erence between the accuracy of two

models. Because the model predictions are highly correlated (models tend to be correct and incorrect

on the same examples), our estimates of the di!erence in performance between two models tend to

have lower standard errors than the estimates of each model’s individual performance. Algorithm 3’s

LCB allows us to state with 95% confidence that

q5 > max
1⇔i⇔4

qi + 0.0044

i.e., we can a”rm that ResNet-152 is the best model in the population.

4. Selective approach: By inverting Theorem 9’s test, we can state with 95% confidence that

q5 > max
1⇔i⇔4

qi + 0.0053.

The selective approach both (1) a”rms that ResNet-152 is the best model in the population, and (2)

a”rms a bigger gap in population performance between ResNet-152 and the remaining models than the

simultaneous approach. We re-a”rm that, according to our theory, whenever the selective approach is

able to a”rm a positive gap, it will a”rm a bigger gap than the simultaneous approach.

In this problem, we were lucky to have a large enough validation set that both the simultaneous and

conditional LCBs were able to verify ResNet-152 as the best model. We are not always fortunate enough,

however, to have benchmark datasets with m = 50000 examples, and it is worth studying how these two

methods compare when the validation set size is smaller.

Figure 6.2 displays what happens when we run both Algorithm 3 and Algorithm 4 after randomly

subsetting the ImageNet validation set to di!erent sizes. The left panel shows that the conditional method

tends to deliver larger LCBs than the simultaneous approach, and the right plot demonstrates what we

already provably knew: the conditional method makes strictly more discoveries than the simultaneous one.

We do notice in the left panel that the conditional method does sometimes (very rarely) give very low LCBs,

particularly when the size of the validation set is small (in low sample settings, the winner is more likely to
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be less distinguishable from the other observations). We see, however, that it is quite rare to observe one

of these exploding conditional LCBs, and they are more than made up for by the fact that the conditional

method makes strictly more discoveries.

Despite the sample size being so large, we air on the safe side and run some simulations to a”rm that

our conditional LCB does not undercover in this sort of real data setting. So that our simulated setting

mimics our real data example, we treat q̂ as the population accuracy of each “pretrained model” in our

simulations. To get simulated examples that respect the correlation structure of our real data examples, we

use the following three step procedure to generate each new five-dimensional validation sample.

1. Generate Y ⇐ N(0, $̂), where $̂ is our estimate &̂ of the covariance of q̂, but standardized to be a

correlation matrix.

2. Transform Y into five uniformly disturbed random variables via the transformation Ui = #(Yi).

3. For this sample, mark the ith “pretrained model” as correct when Ui ⇒ q̂i and incorrect otherwise.

Over B = 10000 simulated trials, where in each simulated trial we generate m = 50000 new validation

examples, our 95% conditional LCB has an empirical miscoverage rate of 0.048.

6.4.3 Ranking clutch basketball players

Player Clutch field goal % Clutch field goal attempts

Michael Jordan 0.462 676

Kobe Bryant 0.444 2871

LeBron James 0.523 3525

Stephen Curry 0.558 1685

Kevin Durant 0.504 2224

Kawhi Leonard 0.510 921

Table 6.3: According to inpredictable.com [Beuoy, 2025], the observed clutch field goal percentage and
number of clutch field goals taken for LeBron James, Kobe Bryant, Michael Jordan, Stephen Curry, Kevin
Durant, and Kawhi Leonard. Player with the highest clutch field goal percentage is bolded.

In basketball, a classic question is determining which player in a group is the most clutch, i.e., when it

matters, who is most likely to score a basket?

Whether or not a shot should be classified as “clutch” is up to interpretation, and many definitions

exist. We will leave this classification up to the popular sports analytics site inpredictable.com, which

broadly describes clutch shots as “shots taken that have an elevated impact on win probability” [Beuoy,

2025]. Whether or not a shot fits into this category is determined internally by the site, and then final

clutch field goal percentages and number of clutch shots taken are reported for each player. We provide

these numbers for six well-known players in Table 6.3. We mention that Michael Jordan’s numbers are taken

only from 1996 onward because this is the year that the National Basketball Association started recording

play-by-play data. Hence, any claims we make about Michael Jordan only apply to the Michael Jordan that

played from 1996-2003, and are not representative of his whole career.
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In our analysis, we make the simplifying assumption that the outcomes of all the clutch shots for the all

the players are independent. This assumption may be violated if some clutch shots were taken in the same

game, whether by the same or di!erent players. We expect the extent to which this assumption is violated,

however, to be small.

More specifically, since LeBron James’ has taken nLeBron = 3525 clutch shots, we assume that the number

of clutch shots LeBron has made will follow a Bin(3525, qLeBron) distribution, where LeBron’s population

clutch field goal percentage qLeBron is unknown. Because the number of clutch shots each player has taken

is di!erent, Hung and Fithian [2019b]’s rank verification procedure cannot be applied to this problem. To

proceed, we instead note that nLeBron is large enough for the central limit theorem to apply, i.e., q̂LeBron
·
⇐

N(qLeBron, ϖ2) where ϖ2 = qLeBron(1→qLeBron)/nLeBron. More generally, the vector q̂ ↑ R6 of empirical clutch

field goal percentages for each player approximately has a multivariate normal distribution q̂
·
⇐ N(q, &),

where q ↑ R6 encodes the players’ population clutch field goal percentages, and & is a diagonal covariance

matrix. This enables us to apply our rank verification method to the problem. Per usual, & is unknown.

Since the q̂i are sample means, however, & can be easily estimated from the data.

The first question we try and answer is the most popular one. Out of Lebron James, Kobe Bryant, and

Michael Jordan, who is the most clutch? Upon observing that James has the highest empirical clutch field

goal percentage of the three (see Table 6.3), can we a”rm that his population clutch field goal percentage is

actually highest? Algorithm 3’s simultaneous LCB allows us to say with 95% confidence that

qLeBron > max{qMichael, qKobe} + 0.016

In contrast, Algorithm 4’s conditional LCB allows us to say with 95% confidence that

qLeBron > max{qMichael, qKobe} + 0.025

Via both methods, we are able to say with confidence that James is a more clutch player than Jordan and

Bryant. As predicted by our theory, however, the conditional approach is able to certify a larger gap between

James’ and the others’ abilities. Although the di!erence between the gaps, which is 0.9%, may seem small,

a one-percent di!erence in field goal percentage is quite sizable in basketball, especially when one considers

that star players take thousands of clutch shots over their careers.

What if we had wanted to add some more modern players into the mix? Along with Lebron James, Kobe

Bryant, and Michael Jordan, we now also consider Stephen Curry, Kevin Durant, and Kahwi Leonard, three

other players who have won Finals MVPs and are known to perform well in the clutch. Out of the bunch

Curry has the highest empirical clutch field goal percentage. Can we verify that he is actually the most

clutch? Algorithm 3’s simultaneous LCB allows us to say with 95% confidence that

qStephen > max{qLeBron, qMichael, qKobe, qKevin, qKawhi}→ 0.0009.

That is, we can a”rm that Curry is not that much less clutch than any of the others, but we cannot a”rm

that he is the most clutch. In contrast, Algorithm 4’s conditional LCB allows us to say with 95% confidence

that

qStephen > max{qLeBron, qMichael, qKobe, qKevin, qKawhi} + 0.0084,
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and therefore enables us to claim with confidence that Curry is indeed more clutch than the rest.

Again, despite having a large number of clutch shots per player, we run simulations to make sure that

our conditional LCB does not undercover in this sort of real data setting. In our simulated trials, we treat

each player’s observed clutch field goal percentage q̂player as their population clutch field goal percentage,

and sample a binomial observation Bin(nplayer, q̂player) for each player. Using these observations, we apply

our procedure as described above. When we include only James, Bryant and Jordan in our simulations, our

95% selective LCB has an empirical miscoverage rate of 0.033 over B = 10000 trials. When we include all six

players in our simulations, our 95% selective LCB has an empirical miscoverage rate of 0.024 over B = 10000

trials.

6.5 Rank verification in exponential families

Briefly, we revisit the rank verification problem of Hung and Fithian [2019b], where we observe data

X ↑ Rn from a natural multi-parameter exponential family Pς with density

gς(x) = exp(θ1x1 + · · · + θnxn → ψ(θ))g(x), (6.7)

with respect to some base measure 1. Our goal in revisiting this problem is two-fold. First, it illustrates

how Hung and Fithian [2019b]’s rank verification procedure fits nicely in our framework. Second, we show

that Hung and Fithian [2019b] do not appropriately handle cases where there can be ties for the winner In

contrast, our selective dominance framework naturally handles these cases properly.

Like Hung and Fithian [2019b], we want to verify that θW is strictly larger than the remaining θj , where

W is the index of the largest Xi. In case of ties, we follow Hung and Fithian [2019b] and set W to randomly

be one of the winning indices. Since Eς[Xi] = θi, the winning parameter θW may reasonably be the largest

of the θi.

Considering the nulls H0,ij : θi ⇒ θj , we want to reject the data-dependent null ∋j ≃=WH0,Wj and a”rm

that θW is strictly larger than every other parameter 2. Considering j ↖= W , our strategy will be to come up

with a valid test for H0,Wj , and then reject ∋j ≃=WH0,Wj whenever we reject H0,Wj for every j ↖= W . Fixing

i ↖= j, we start by constructing the UMPU p-value pij for testing H0,ij : θi ⇒ θj . Ultimately, we will only

use this p-value to test H0,ij when i is selected as our winning index, and we will correspondingly adjust the

p-value to account for this selection.

Defining the transformed su”cient statistics Y ↑ Rn by

Yi =
Xi → Xj

2
, Yj =

Xi + Xj

2
, Yϑ = Xϑ for ς ↖= i, j, (6.8)

the random vector Y has an exponential family density given by

g̃ς(y) = exp



(θi → θj)yi + (θi + θj)yj +
∑

ϑ ≃=i,j

θϑyϑ → ψ(θ)



 g̃(y) (6.9)

1
We assume that Ti(x) = xi so that our discussion more closely mirrors Hung and Fithian [2019b], although we do not need

to. Hung and Fithian [2019b] also assume that g(x) is Schur concave for other purposes, but we leave this assumption out.

2
If we performed the same analysis for the nulls H

ε

0,ij : εi → εj ↑ ϖ then we could verify that εW is more than ϖ larger than

any other εj . Inverting these tests would result in a LCB for the di!erence εW → maxj ↑=W εj between the winning and next

largest parameter.
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with respect to some other base measure. It is then well-established (see Appendix B.15.1) that if we denote

the conditional left-continuous survival function of Yi and its right-hand limit as

Gij(yi|y→i) = Pςi=ςj (Yi ∈ yi|Y→i = y→i) G+
ij(yi|y→i) = lim

u↖yi

Gij(u|y→i), (6.10)

then the UMPU p-value pij for testing H0,ij : θi ⇒ θj is given by

pij = G+
ij(Yi|Y→i) + Uij,aux(Gij(Yi|Y→i) → G+

ij(Yi|Y→i)), (6.11)

where Uij,aux are Unif([0, 1]) random variables that are independent from each other and the data. By

Example 4, the p-value pij is selectively dominant given Y→i.

Crucially, we can tell if Xi is a winner by examining the p-value pij . It is straightforward to confirm

that Xi is the sole winner exactly when Yi > maxk ≃=i Yk →Yj . Equivalently, this happens when pij is strictly

smaller than

q+
ij(Y→i) = G+

ij(max
k ≃=i

Yk → Yj |Y→i). (6.12)

Likewise, one can confirm that Xi is one of multiple winners exactly when Yi = maxk ≃=i Yk→Yj , or equivalently

when pij is at least q+
ij but at most

qij(Y→i) = Gij(max
k ≃=i

Yk → Yj |Y→i). (6.13)

Moreover, in the case that there are multiple winners, the number of winners is also a deterministic function

of Y→i:

Ni(Y→i) = 1 + |{ς ↖= i : Yϑ = max
k ≃=i

Yk}|. (6.14)

Note that Ni(Y→i), which is always at least two, is not the same as the number of winners, which can be

one. Rather, it is the number of winners there will be if Xi is a winner and at least one other Xk is as well

(see Appendix B.12 for details).

Leveraging these facts, we can apply our framework to come up with a valid test for H0,Wj . Essentially,

we use pij to test H0,ij with probability one when it is less than q+
ij , and with probability 1/Ni (we randomly

select one of the Ni winners) when it is between q+
ij and qij . Explicitly, letting p = pij and Z = Y→j , we can

apply our framework with the selection function

s(x, z) =






1 if x < q+
ij(z),

1
Ni(z)

if x ↑ [q+
ij(z), qij(z)]

0 otherwise

.

This is a piece-wise linear function that is easy to integrate, and, after some computations detailed in

Appendix B.13, Theorem 5 tells us to reject when the selective p-value

pij →

1 →

1
Ni


(pij → q+

ij)+

q+
ij + 1

Ni
(qij → q+

ij)
(6.15)

is at most ω.
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Figure 6.3: Considering three independent binomials Xi ⇐ Bin(b, si) with b = 4 and si = 1/2, the first
panel (left) depicts N = 106 draws from the conditional distribution of the p-value p12 (used for testing
H0,12 : s1 ⇒ s2) given W = 1 and the nuisance statistics (X1 + X2)/2 = 2, X3 = 2. When p12 < q+

12, then
X1 is the sole winner and the p-value is selected for inference with probability one, but when p0

12 ↑ [q+
12, q12]

there is a three-way tie and it is selected for inference with probability 1/3. Hence, the p-value’s conditional
distribution is not uniform on [0, q12] as Hung and Fithian [2019b] implicitly assume. The next panel (right)
displays the consequence. Conditional on W = 1, Hung and Fithian [2019b] do not maintain Type I error
control when testing H0

W2 at level ω = 0.1 (denoted by horizontal dashed line), whereas our method does.
Error bars denote a 99% confidence interval.

The crucial di!erence between our derivation and Hung and Fithian [2019b]’s is that Hung and Fithian

[2019b] use the same selective p-value when there can and cannot be ties amongst the Xk. If there cannot

be ties amongst the Xk, then qij = q+
ij always, and the selective p-value (6.15) simplifies to pij/qij . If we use

pij/qij when ties are possible, however, we will not achieve conditional error control (as is claimed in Hung

and Fithian [2019b]). We give an example in Figure 6.3, where X ↑ R3 is composed of three independent

binomials. The left panel of Figure 6.3 depicts the conditional distribution of p12 given W = 1 for a specific

setting of the nuisances statistics Y→j . It makes it clear that rejecting when pij/qij ⇒ ω does not maintain

conditional error control, as is a”rmed in Figure 6.3’s right panel.



Appendix A

Supplementary material relating to

column subset selection

A.1 Additional simulation details and results

A.1.1 Missing data simulation setting

We describe the distribution used in Section 2.4.1. Recall the PCSS model:

XS ⇐ F

X→S | XS ⇐ N(µ→S + W (XS → EF [XS ]), ϖ2
Ip→k).

(3.1, revisited)

We set the ground truth subset to be S = {1, 2, 3, 4} and let XS have a mean-zero multivariate Gaussian

distribution with equicorrelated covariance 0.75 · I4 + 0.25 · 11↗. We set ϖ2 = 0.15. The matrix W is given

70
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below:

W =





√
17/90

√
17/90

√
17/90 0

√
17/50

√
17/50 →

√
17/50 0

√
17/50 →

√
17/50

√
17/50 0

√
17/50 →

√
17/50 →

√
17/50 0

→

√
17/50

√
17/50

√
17/50 0

→

√
17/50

√
17/50 →

√
17/50 0

→

√
17/50 →

√
17/50

√
17/50 0

→

√
17/90 →

√
17/90 →

√
17/90 0

0
√

17/90
√

17/90
√

17/90

0
√

17/50
√

17/50 →

√
17/50

0
√

17/50 →

√
17/50

√
17/50

0
√

17/50 →

√
17/50 →

√
17/50

0 →

√
17/50

√
17/50

√
17/50

0 →

√
17/50

√
17/50 →

√
17/50

0 →

√
17/50 →

√
17/50

√
17/50]

0 →

√
17/90 →

√
17/90 →

√
17/90





It is designed so the rows have non-zero entries of equal magnitude, rows with the same non-zero entries

have a di!erent configuration of signs, and the variance of each variable is one.

A.1.2 Simulation setting for selecting subset size

We describe the distribution used in Section 3.3.1. Recall the subset factor model:

XS ⇐ F ⇁ ⇐ (0,D) ⇁1 ▽, . . . ,▽ ⇁p→k Cov(XS , ⇁) = 0

X→S = W (XS → EF [XS ]) + µ→S + ⇁.
(3.2, revisited)

We set the ground truth subset to be S = {1, . . . , 20} and let XS have a mean-zero multivariate Gaussian

distribution with block diagonal covariance. Specifically there are five equally sized blocks, each of which is

the equicorrelated matrix 0.5 · I4 + 0.5 · 11↗. The matrix W is somewhat sparse, and the non-zero entries

are 1 or →1 with probability 1/2. We document the non-zero entries of W here:

W 1:7,1:8 =





→1 1 1 →1 1 1 1 1

→1 1 1 →1 →1 1 1 1

→1 1 →1 1 1 1 1 1

1 →1 1 →1 1 →1 →1 →1

→1 1 →1 1 1 1 1 1

1 →1 →1 1 →1 →1 →1 1

1 1 1 1 1 →1 1 1





,W 8:14,5:12 =





1 →1 1 1 1 1 →1 →1

1 1 →1 →1 1 →1 1 →1

1 →1 →1 →1 →1 →1 1 →1

→1 1 1 →1 →1 →1 1 1

1 1 →1 →1 1 1 1 1

1 1 1 →1 →1 →1 1 1

→1 1 1 →1 1 1 1 1




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W 15:21,9:16 =





1 1 1 1 →1 1 →1 →1

1 1 1 →1 →1 1 1 1

1 1 →1 1 1 1 1 1

1 →1 1 →1 1 →1 →1 →1

1 1 1 →1 1 →1 →1 1

1 1 →1 1 1 1 1 1

1 →1 1 1 1 →1 →1 1





,W 22:30,13:20 =





1 1 →1 →1 1 1 1 →1

→1 1 →1 →1 1 →1 →1 →1

1 1 →1 →1 1 1 1 1

1 →1 1 →1 1 →1 1 →1

→1 1 →1 →1 →1 1 →1 1

→1 →1 →1 →1 1 1 →1 1

→1 →1 →1 →1 1 1 →1 →1

1 →1 →1 1 1 1 1 →1

→1 →1 →1 →1 →1 1 →1 1





To define D, first we define the diagonal matrix D where Dii = i mod 6. Then we set D = s · D̃, where

we use s ↑ R to control the amount of signal. The values of s we use are s = 0.254, 0.812, 2.71, 9.2, 30.0. The

unique factors ⇁ ⇐ (0,D) are generated independently of the principal variables. When the unique factors

are non-Gaussian, ten of them are Exp(1) → 1 random variables, ten are Rademacher random variables

that take value 1 or →1 with probability 1/2, and ten are t-distributed random variables with 3 degrees of

freedom. In the non-Gaussian case we scale the unique factors so their variance matches D. The indices of

the exponential random variables are 1, 11, 13, 17, 19, 20, 23, 24, 26, 27, of the Rademacher random variables

are 3, 4, 8, 9, 12, 14, 21, 22, 29, 30, and of the t-distributed random variables are 2, 5, 6, 7, 10, 15, 16, 18, 25, 28.

These indices were chosen from a random permutation.

We also ran the same simulations in the case where XS ⇐ N(0, Ik), ⇁ ⇐ N(0, 1Ik) for some 1 > 0,

XS ▽ ⇁, and the rows of W are randomly generated unit vectors. The results (not shown) are notably better

than the ones we chose to display.

A.1.3 Additional simulations for selecting subset size

We give results from additional simulations, where we repeat the simulations from Section 3.3.1 but for

di!erent sample sizes n. Figure A.1 depicts the results for the Gaussian unique factor case and Figure A.2

for the non-Gaussian unique factor case.

A.1.4 Selecting subset size with a forward-backward algorithm

We rerun our simulation from Section 3.3.1 but now using a forward-backward algorithm to find the

smallest subset size for which we fail to reject. This is a natural choice, as forward-backward algorithms are

commonly used for model selection tasks [Borboudakis and Tsamardinos, 2019]. Our algorithm completes a

forward stage and then a backward stage. During each iteration of the forward stage, the algorithm greedily

adds the variable that results in the largest decrease of the test statistic T (·) to the selected set. The forward

stage continues until we find a subset for which we fail to reject. Then it begins the backward stage. On each

iteration of the backward stage, the algorithm greedily removes the variable whose removal results in the

smallest increase of T (·). The backward stage continues until removing any additional variable would result

in a subset for which we reject. Conveniently, after one such forward and backward stage, our algorithm has

converged, because removing any additional variables would result in rejecting, and there is no need to add

more variables since we have already found a subset size for which we fail to reject.

The results from replicating Section 3.3.1’s simulations with our forward-backward algorithm are given

in Figure A.3. Although the forward-backward algorithm is faster, it performs considerably worse than our
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(a) n = 100

(b) n = 200

(c) n = 300

(d) n = 400

(e) n = 500

Figure A.1: Results for the case of Gaussian unique factors. For description of the plots, see the caption of
Figure 3.1
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(a) n = 100

(b) n = 200

(c) n = 300

(d) n = 400

(e) n = 500

Figure A.2: Results for the case of non-Gaussian unique factors. For description of the plots, see the caption
of Figure 3.1
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(a) Gaussian unique factors

(b) Non-Gaussian unique factors

Figure A.3: Replication of the simulations whose results are in depicted Figure 3.1, but now using our
forward-backward algorithm to perform subset search. For description of the plots, see caption of Figure 3.1.

swapping algorithm. Compared to the swapping algorithm, our forward-backward algorithm over selects

more often and more drastically. Also, it often selects worse subsets, in the sense that the overlap between

the variables it selects and the true population factor set is noticeably smaller. When we replicate the

experiment for sample sizes other than n = 200 as we did for swapping in Appendix A.1.3, we see the same

degradation in performance (results not shown).

A.2 More on selecting the appropriate subset size

In this section, we provide more details surrounding the procedures presented in Section 3.3. Recall that

we want to identify k↘, the smallest k for which the data generating distribution belongs to the subset factor

model, and that the procedures we consider output k̂, the smallest k for which we are unable to reject the null

that a size-k subset is su”cient. In Appendix A.2.1 we consider the restricted case where the unique factors

are Gaussian and independent of the principal variables, and establish a test for this null with finite sample

validity. In Appendix A.2.2, we show that the same test maintains asymptotic validity in the unrestricted

case. This is immediately su”cient to imply the correctness of Theorem 4, the proof of which is detailed

in Appendix A.7.12. In Appendix A.2.3, we discuss some desirable properties of the (ideally) outputted

subset Ŝ and some practical considerations surrounding searching for it. Finally, in Appendix A.2.4 we give

a discussion that establishes the analogous procedure for the PCSS model (3.1).

Throughout we consider n > p data points x(1), . . . , x(n)
↑ Rp that are sampled from some distribution

and have sample mean µ̂ and sample covariance !̂.
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A.2.1 A finite-sample test when the unique factors are Gaussian

The goal of this section is to develop a test that is level ω in finite samples for the null H0 : |S| ⇒ k that

the data is drawn from from a distribution in the k-dimensional subset factor model (3.2) with Gaussian

unique factors ⇁ that are independent of the principal variables XS . This is the set of distributions that

satisfy

XS ⇐ F

X→S | XS ⇐ N(µ→S + W (XS → EF [XS ]),D).
(A.1)

for some size-k subset S, where D ∝ 0 is an arbitrary diagonal matrix. In other words, it is the PCSS model

(3.1) where the covariance of X→S | XS is now allowed to be diagonal (rather than just isotropic).

Motivating a test statistic

Our test statistic more or less comes from a generalized likelihood ratio test (LRT). Specifically we

compare the data’s likelihood under a totally unrestricted multivariate Gaussian model to its likelihood

under a restricted multivariate Gaussian model, where the restricted multivariate Gaussian model only

considers distributions that are also in k-dimensional subset factor model. Suppose that !̂ ∝ 0. It is well

known that the minimized negative log-likelihood, scaled by 1/n, under the unrestricted Gaussian model is

given by
1

2
log |!̂| +

p

2
(1 + log(22))

From [Petersen and Pedersen, 2008, 9.1.2], the above can be written as

1

2
log |!̂U | +

1

2
log |!̂→U → !̂→U,U !̂

→1

U !̂U,→U | +
p

2
(1 + log(22)),

for any size-k subset U . Appendix A.7.5 in the proof of Theorem 1 tells us that the minimized negative

log-likelihood, also scaled by 1/n, under the restricted Gaussian model is

min
U⇒[p]:|U |=k

1

2
log |!̂U | +

1

2
log(|Diag(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )|) +
p

2
(1 + log(22))

The generalized LRT statistic is two times the di!erence in log likelihoods, and is thus given by

min
U⇒[p]:|U |=k

n log

(
|Diag(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )|

|!̂→U → !̂→U,U !̂
→1

U !̂U,→U |

)
.

Our test statistic generalizes the LRT statistic by allowing for singular !̂:

Tk = min
U⇒[p]:|U |=k

T (U), T (U) = n log

(
|Diag(!̂→U → !̂→U,U !̂

+

U !̂U,→U )|

|!̂→U → !̂→U,U !̂
+

U !̂U,→U |

)
(3.4, revisited)

There may be size-k subsets U for which |Diag(!̂→U → !̂→U,U !̂
+

U !̂U,→U )| = |!̂→U → !̂→U,U !̂
+

U !̂U,→U | = 0,

and we adopt the convention that T (U) = 0 for such U . In the case that k = 0, the same reasoning tells us

that T0 = n log

|Diag(!̂)|/|!|


.
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Determining a critical value

We will come up with a critical value by studying the distribution of T (S), where S is a size-k subset

for which the data generating distribution satisfies (A.1). Since Tk = minU⇒[p]:|U |=k T (U) ⇒ T (S), rejecting

when Tk is larger than the appropriate quantile of T (S) will be su”cient to guarantee type I error control.

To study the distribution of T (S) we leverage techniques from fixed-X Ordinary Least Squares. It su”ces

to understand the distribution of !̂→S→!̂→S,S!̂
+

S !̂S,→S , i.e, the distribution of the residual covariance from

the regression of the x(i)
→S on the x(i)

S . We are able to show that, conditional on the x(i), this covariance has

a Wishart distribution. Then, via the Wishart distribution’s Bartlett decomposition [Anderson et al., 1958,

Corollary 7.2.1], we establish that the quantiles of T (S) are bounded above by those of

n
p→k∑

j=2

log

(
1 +

ϱ̃2
j→1

ϱ2
n→k→j

)
. (3.5, revisited)

In (3.5) {ϱ2
ϑ}, {ϱ̃

2
ϑ} are mutually independent chi-squared random variables with degrees of freedom specified

by their subscript. When k = p → 1, (3.5) should be interpreted as a point mass at zero, and the same

argument holds when k = 0.

Denoting the (1 → ω) quantile of (3.5) as Qn,p,k(1 → ω), Lemma A.2.1 both summarizes this result and

also establishes finite sample validity the test that rejects when Tk > Qn,p,k(1 → ω).

Lemma A.2.1. Consider n > p samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (A.1)

for some size-k set S where 0 ⇒ k < p. Then the quantiles of T (S) are bounded above by the quantiles of

(3.5). As a consequence, P (Tk > Qn,p,k(1 → ω)) ⇒ ω.

A.2.2 An asymptotic test for the subset factor model

We now show that the test from Appendix A.2.1 maintains asymptotic validity for the more general null

H0,k : |S| ⇒ k that the data is drawn from a distribution in the k-dimensional subset factor model. Recall

that the k-dimensional subset factor model is the set of distributions satisfying

XS ⇐ F ⇁ ⇐ (0,D) ⇁1 ▽, . . . ,▽ ⇁p→k Cov(XS , ⇁) = 0

X→S = W (XS → EF [XS ]) + µ→S + ⇁.
(3.2, revisited)

for some size-k subset S.

Lemma A.2.2 tells us that, should the data be drawn from a distribution satisfying (3.2) for some size-k

set S, then T (S) has a pivotal chi-squared limiting distribution. The degrees of freedom match what one

would expect from Wilks’ theorem [Wilks, 1938], although our setting is much more general. The proof is a

careful application of the delta method and standard, but its result is surprising. Typically, we would expect

the limiting distribution of a statistic like T (S) to depend on fourth moments and therefore not be pivotal.

Lemma A.2.2. Consider samples x(1), . . . , x(n)
↑ Rp drawn from a distribution that satisfies (3.2) for some

size-k set S where 0 ⇒ k < p. With p and k fixed, T (S) ↭ ϱ2
(p→k)(p→k→1)/2 as the number of samples n tends

to infinity.

In Lemma A.2.2, ϱ2
(p→k)(p→k→1)/2 should be interpreted as a point mass at zero when k = p → 1.
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Using Lemma A.2.2, Lemma A.2.3 establishes the asymptotic validity of the same test from Appendix A.2.1

under the more general null H0,k : |S| ⇒ k. Using Lemma A.2.2, we can easily show that the (1→ω) quantile

of (3.5) converges to the (1→ω) quantile of the ϱ2
(p→k)(p→k→1)/2 distribution, which we will denote Qp,k(1→ω).

Because T (S) has a limiting distribution that admits a density, it is then immediate that the di!erence be-

tween P (T (S) > Qn,p,k(1→ω)) and P (T (S) > Qp,k(1→ω)) converges to zero, and this is su”cient to imply

the result.

Lemma A.2.3. For samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (A.1) for some

size-k set S where 0 ⇒ k < p, lim supn⇑⇐
P (Tk > Qn,p,k(1 → ω)) ⇒ ω.

Our decision to use the quantiles of (3.5) rather than those of the ϱ2
(p→k)(p→k→1)/2 distribution is inten-

tional, even though the latter guarantee the same asymptotic validity. In many practical settings, n is not

su”ciently larger than p for our asymptotic guarantees to be reflected in our finite sample results. Although

rejecting according to the quantiles of (3.5) only guarantees finite sample validity when the unique factors are

Gaussian (and independent of the principal variables), we may hope that this validity is somewhat robust to

deviations from Gaussianity. If so, rejecting according to the quantiles of (3.5) should improve performance

for smaller sample sizes while maintaining the same asymptotic guarantees.

Figure A.4 illustrates the benefits of rejecting according to the quantiles of (3.5). In Figure A.4, we

consider settings with p = 50 variables, a size k = 20 factor set S, and either n = 200 or n = 5000

samples, and plot three di!erent distributions: (1) the limiting chi-squared distribution of T (S); (2) the

distribution (3.5); and (3) the distribution of T (S) in an example case where the unique factors are not

Gaussian. In this non-Gaussian example, the thirty unique factors consist of ten centered Poi(↽) random

variables with ↽ = 1, . . . , 10, ten centered chi-squared random variables with 1, . . . , 10 degrees of freedom,

and ten uniform random variables that range from →a to a for a = 1, . . . , 10. The principal variables are

independent standard Gaussians and regression coe”cient matrix W ↑ R(p→k)↑k has uniformly random

unit vector rows. Figure A.4 has two important takeaways. First, at reasonable sample sizes, the limiting

chi-squared distribution is a poor approximation for the actual distribution of T (S), and rejecting according

to its quantiles will lead to over-selection. Second, even when the unique factors are not Gaussian and the

sample size is reasonably small, (3.5) is an excellent approximation for the actual distribution of T (S). This

remained to be the case when we varied n, p, k, and the distributions of unique factors.

A.2.3 Examination of the selected subset

Ultimately, having settled on selecting a size-k̂ subset, we would ideally the size-k̂ subset Ŝ that minimizes

T (U). Unlike in Section 3.3, Ŝ in this section refers to any actual global minimizer of T (U) that would be

found via exhaustive search. In what follows, we give a useful re-characterization of Ŝ.

First, we re-characterize Ŝ as an MLE. Given that T (U) is motivated by the LRT, this should not come

as a surprise. Consider the case that every (k + 1) by (k + 1) principal sub-matrix of !̂ is full rank. Then

we can use [Petersen and Pedersen, 2008, 9.1.2] to compute for any size-k subset U that
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Figure A.4: In the case of p = 50 variables and a size k = 20 subset S, the exact finite sample distribution
of T (S) for n = 200 (left) and n = 5000 (right) samples in the cases of both Gaussian and non-Gaussian
unique factors, plotted against its limiting ϱ2

(p→k)(p→k→1)/2 distribution.

n log

(
|Diag(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )|

|!̂→U → !̂→U,U !̂
→1

U !̂U,→U |

)
= n log

(
|!̂U ||Diag(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )|

|!̂U ||!̂→U → !̂→U,U !̂
→1

U !̂U,→U |

)

= n log

(
|!̂U ||Diag(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )|

|!̂|

)

= n

log(|!̂U |) + log(|Diag(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )|)


→ n log(|!̂|)

So, in this case, every minimizer Ŝ of T (U) belongs to

argmin
U⇒[p]:|U |=k

log(|!̂U |) + log(|Diag(!̂→U → !̂→U,U !̂
→1

U !̂U,→U )|) (A.2)

Correspondingly, in this case, the subsets belonging to (A.2) are exactly the maximum likelihood estimators

for S in the restricted Gaussian model that only consists of distributions also in the k̂-dimensional subset

factor model (see Appendix A.7.5 in the proof of Theorem 1).

Solving (A.2) also handles the case that every (k+1) by (k+1) principal sub-matrix of !̂ is not full rank.

In this case, there must be a size-k subset U such that T (U) = 0, and we should fail to reject. However,

every (k +1) by (k +1) principal sub-matrix of !̂ is not full rank if and only if the minimized value of (A.2)

is →≃. Thus solving (A.2) is su”cient to handle both cases.

We can easily modify our algorithms from Section 2.3.1 to e”ciently search for a subset that solves (A.2).

We detail how to do this in Appendix A.3.

Because Ŝ results in the most empirically diagonal residual covariance, it is immediate that Ŝ asymptot-

ically (fixed p, n goes to infinity) recovers a subset that results in an exactly diagonal population residual

covariance, provided that k̂ ∈ k↘. Unfortunately, this does not necessarily mean that Ŝ will recover a subset

S for which the subset factor model (3.2) is satisfied, because the subset factor model requires that the

unique factors are independent. We can at best guarantee that they are uncorrelated. Nonetheless, aside

from some pathological cases, we can guarantee recovery.
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Lemma A.2.4 uses the following less restrictive version of the subset factor model to state our recovery

result:

XS ⇐ F ⇁ ⇐ (0,D) Cov(XS , ⇁) = 0

X→S = W (XS → EF [XS ]) + µ→S + ⇁.
(A.3)

Lemma A.2.4. Consider samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (A.3) for

some size-k set S. Suppose that P has population covariance ! such that !S ∝ 0. Then, with probability

one, P eventually satisfies (A.3) with Ŝ as the number of samples n tends to infinity.

A.2.4 The PCSS model

We provide an exactly analogous discussion for the PCSS model (3.1). Recall that the k-dimensional

PCSS model is the set of distributions satisfying

XS ⇐ F

X→S | XS ⇐ N(µ→S + W (XS → EF [XS ]), ϖ2
Ip→k).

(3.1, revisited)

for some size-k set S. Again, our procedure returns k̂, the smallest k for which we fail to reject the null
H0 : |S| ⇒ k that the data generating distribution belongs to the k-dimensional PCSS model. Like before,

we provide a test for this null that is valid in finite samples and we comment on some qualities of the selected

subset Ŝ. Because the PCSS model makes a Gaussian assumption, we do not need to discuss asymptotics.

Motivating a test statistic

Like in Appendix A.2.1, we consider a generalized LRT. Specifically, we compare the data’s likelihood

under a totally unrestricted multivariate Gaussian model to its likelihood under a restricted multivariate

Gaussian model, where the restricted multivariate Gaussian model only considers distributions that are also

in k-dimensional PCSS model. Again, suppose that ! ∝ 0. Identical reasoning as in Appendix A.2.1 along

with computations from the proof of Theorem 1 (see Appendix A.7.5) imply that the LRT test statistic is

min
U⇒[p]:|U |=k

n log






Tr(!̂→U → !̂→U,U !̂

→1

U !̂U,→U )/(p → k)
p→k

|!̂→U → !̂→U,U !̂
→1

U !̂U,→U |





Again, we will consider a generalization of this statistic that allows !̂ to be singular:

Tk = min
U⇒[p]:|U |=k

T (U), T (U) = n log






Tr(!̂→U → !̂→U,U !̂

+

U !̂U,→U )/(p → k)
p→k

|!̂→U → !̂→U,U !̂
+

U !̂U,→U |




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Determining a critical value

Like in Appendix A.2.1, we will consider a size-k subset S for which the data generating distribution

satisfies (3.1) and study the distribution of T (S). For simplicity we will assume that the principal vari-

able distribution F admits a density. Like before, the residual covariance still has a conditional Wishart

distribution, and we can use the Wishart’s Bartlett decomposition to show that T (S) has distribution

n log










ϱ̃2

(p→k)(p→k→1)/2 +
p→k

j=1 ϱ2
n→k→j



p → k





p→k 


p→k

j=1

ϱ2
n→k→j







 (A.4)

In (A.4), {ϱ2
ϑ}, {ϱ̃

2
ϑ} are mutually independent chi-squared random variables with degrees of freedom specified

by their subscript. Defining Qn,p,k(1 → ω) as the (1 → ω)-quantile of (A.4), Lemma A.2.5 establishes a valid

finite sample test for the null H0 : |S| ⇒ k.

Lemma A.2.5. Consider n > p samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (3.1)

for some size-k set S where 0 ⇒ k < p. Suppose further that P admits a density. Then T (S) has distribution

(A.4) and, as a consequence, P ( Tk > Qn,p,k(1 → ω)) ⇒ ω.

Proposition A.2.1 establishes error control of our procedure for the PCSS model. It is analogous to

Theorem 4.

Proposition A.2.1. Consider n > p samples x(1), . . . , x(n)
↑ Rp from a distribution P that admits a density

and let k↘ be the smallest k for which P belongs to the k-dimensional PCSS model (3.1). If k̂ is the smallest

k for which the test statistic Tk is not strictly larger than the critical value Qn,p,k(1 → ω), then

P (k̂ > k↘) ⇒ ω.

Examining the selected subset

As in Appendix A.2.3 we ultimately select the subset S that globally minimizes T (U). Like before, we

can characterize this subset as an MLE. Supposing that every k by k principal sub-matrix of !̂ is full rank

and no size-k subset empirically perfectly linearly reconstructs the remaining variables, similar computations

to those in Appendix A.2.3 shows that a size-k subset U minimizes T (U) if and only if it solves

argmin
U⇒[p]:|U |=k

log |!̂U | + (p → k) log(Tr(!̂→U → !̂→U,U !̂
→1

U !̂U,→U )/(p → k)) (A.5)

Under the same conditions, it is also true that U solves (A.5) if and only if it is the MLE for S in the

restricted multivariate Gaussian model that only contains distributions also in the k-dimensional PCSS

model (see Appendix A.7.5 in the proof of Theorem 1)

If the conditions from the previous paragraph are not met, it is unfortunately the case that the subset

that minimizes T (U) may not solve (A.5). The conditions from the previous paragraph are not met, however,

if and only if the minimized objective of (A.5) is →≃. Solving (A.5) thus warns us if this is the case, but it

is not totally su”cient as was true in Appendix A.2.3.

We show how to search for the subset that solves (A.5) using Section 2.3.1’s algorithms in Appendix A.3.
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Criterion/Method Algorithm 1 Naive
McCabe’s First Criterion O(min{p2k, pk3

}) O(p4k) or O(pk4)
McCabe’s Second Criterion O(p2k) O(p3k2)
McCabe’s Third Criterion O(p3k) O(p3k2)
McCabe’s Fourth Criterion O(p3k) O(p3k2)

Table A.1: A time complexity comparison of our algorithms to the naive algorithms that, when features are
added or removed from the current subset, recompute the objective as written with no optimizations. The
reported time corresponds to one complete run of Algorithm 1 or one iteration of Algorithm 2. McCabe
himself pointed out that his first criteria of minimizing |!→S→!→S,S!

→1
S !S,→S | is equivalent to maximizing

|!S |, so we report the naive time complexities for both versions of the objective.

Analogous to Lemma A.2.4, Lemma A.2.6 uses the following generalization of the PCSS model to state

a subset recovery result:

XS ⇐ F ⇁ ⇐ (0, ϖ2I) Cov(XS , ⇁) = 0

X→S = W (XS → EF [XS ]) + µ→S + ⇁.
(A.6)

It says that S eventually will result in a isotropic population residual covariance.

Lemma A.2.6. Consider samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (A.6) for

some size-k set S. Suppose further that, at the population level, some set of k variables perfectly linearly

reconstruct the remaining. Then, with probability one, P eventually satisfies (A.6) with S as the number of

samples n tends to infinity.

A.3 E!cient subset search for other objectives

To modify Algorithm 1 and Algorithm 2 to perform subset search under a new objective we simply need

to alter f in (2.3) so that i ↖↑ U ′ [p] that minimizes f(i, ·) also minimizes the new objective over the subsets

U + i. In this section, we explicitly give f(i, ·) that allow us to search for subsets that minimize T (·) (see

Section 3.3), T (·) (see Appendix A.2.4), and McCabe’s other three criteria. We generalize all of McCabe’s

criteria by changing inverses to pseudo-inverses, thereby allowing for singular !. Correctness of our proposed

f·(i, ·) are implied by derivations in Appendix A.7.17.

For McCabe’s criteria, Table A.1 contrasts the time complexity of our algorithms with that of naive

implementations. In the naive implementation, the practitioner recomputes the objective as written with

no optimizations when adding/removing elements to/from the current subset. For both our algorithms and

the naive implementation, the time complexity of searching for subsets that minimize T (·) and T (·) matches

that of McCabe’s second criterion.

Minimizing T (·): The discussion in Appendix A.2.3 tells us that it su”ces to find a subset that minimizes

log |!S | + log(|Diag(!R(X↓S ,XS))|). To perform this search, use

f(i, U,!R(X,XU )) = log((!R(X,XU ))ii)

+
∑

j ≃↔U+i

log

(!R(X,XU ))jj → (!R(X,XU ))

2
ij/(!R(X,XU ))ii · I(!R(X,XU ))ii>0


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Minimizing T (·): The discussion in Appendix A.2.3 suggests finding a subset that minimizes log |!S | +

(p→k) log(Tr(!R(X↓S ,XS))/(p→k)). If the objective value is not →≃ then solving this problem is su”cient.

Otherwise we cannot say anything concrete. To perform this search, use

f(i, U,!R(X,XU )) = log((!R(X,XU ))ii)

+ (p → k) · log

Tr(!R(X,XU )) → ⇑(!R(X,XU ))•i⇑

2
2/(!R(X,XU ))ii · I(!R(X,XU ))ii>0



McCabe’s first criterion: McCabe’s first criterion suggests selecting a subset that minimizes |!→S →

!→S,S!
→1
S !S,→S |. We generalize this to selecting the subset which minimizes |!→S → !→S,S!

+
S!S,→S | =

|!R(X,XS)|. For simplicity, we will assume that there exists a size-k subset such that |!S | > 0. If this is

not the case, then every size k subset has redundant variables which can be perfectly linearly reconstructed

by other variables in the subset, and the practitioner should use a smaller subset size. To perform subset

search according to McCabe’s first criterion use:

f(i,!R(X,XU )) = →(!R(X,XU ))ii

Alternatively, as we add/remove variables to/from U , we can keep track of !+
U instead of !R(X,XU ) using

[Petersen and Pedersen, 2008, 3.2.7] and instead use

f(i,!,!+
U ) = →(!ii →!iU!

+
U!Ui)

Lemma 1 implies that this is equivalent to our earlier suggestion, but it has smaller time complexity when

k ∞
↓

p.

McCabe’s third criterion: McCabe’s third criterion suggests selecting a subset that minimizes ⇑!→S →

!→S,S!
→1
S !S,→S⇑

2
F . We generalize this to selecting the subset which minimizes ⇑!→S→!→S,S!

+
S!S,→S⇑F =

⇑!R(X,XS)⇑
2
F . To perform subset search according to McCabe’s third criterion use:

f(i,!R(X,XU )) = [(⇑ε⇑2
2/εi)

2
→ 2ε↗

!R(X,XU )ε/εi] · Iϖi>0

where ε = (!R(X,XU ))•i.

McCabe’s fourth criterion: McCabe’s fourth criterion suggests selecting a subset that maximizes

Tr(!→1
→S!→S,S!

→1
S !S,→S). This is equivalent to maximizing the sum of squared cannonical correlations

between XS and X→S . We generalize this to selecting the subset which maximizes Tr(!+
→S!→S,S!

+
S!S,→S)

which has the same interpretation in the more general case where ! is singular. Consider a currently selected

subset U . Fix an i ↖↑ U and let V = U + i. Take j and h to be the rank of i in V and →U respectively. So, for

example, (!V )jj = !ii and (!→U )hh = !ii Then, to perform subset search in accordance with McCabe’s

fourth criterion use

f(i, U,!,!R(X↓U ,XU ),!R(XU ,X↓U ),!
+
→U ,!+

U ) =

Tr((!+
V )→j,→j!R(XU ,X↓U )) +

ε↗
!

+
V ε

εj
Iϖj>0 → I(!R(X↓U,XU ))hh>0
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where ε = !V,i→!V,→V !
+
→V !→V,i, and we compute !

+
V from !

+
U and !

+
→V from !

+
→U using [Petersen and

Pedersen, 2008, 3.2.7]. We keep track of !+
U and !

+
→U as we add/remove elements to/from U using [Petersen

and Pedersen, 2008, 3.2.7] and keep track of !R(X↓U ,XU ) and !R(XU ,X↓U ) using Lemma 1 as usual.

If ! ∝ 0, then we can give an exact closed form for the replacement f given above:

f(i, U,!,!R(X↓U ,XU ),!
→1
→U ,!→1

U ) =
ε↗

→j!
→1
U ε→j

εj
→

(ω↗ε→j)2

⇀εj
→

ω↗
!R(XU ,X↓U )ω + 2ω↗ε→j → εj

⇀

where ω = !
→1
U !Ui, ⇀ = !ii →!iUω and ε is as before, but now we can explicitly compute !

+
→V = !

→1
→V =

(!→1
→U )→h,→h → (!→U )→h,h(!→U )h,→h/(!→U )hh. Also, as we add elements to U , [Khan, 2008] now allows us

to keep track of !+
U = !

→1
U and !

+
→U = !

→1
→U with simpler closed form updates.

A.4 The high-dimensional consistency of CSS

In this section we characterize a high-dimensional setting where the size-k CSS estimate (1.1) one gets

from the sample covariance is consistent for the size-k CSS solution according to the population covariance

(2.1). In particular, we fix k and imagine observing n samples from a distribution P over Rp, where p is

possibly growing with n. We denote the population covariance under P as ! ↑ Sp↑p
+ . Our analysis applies

in the proportional asymptotic regime, where p/n converges to a constant. For the result to apply, P must

satisfy three assumptions as n grows.

Assumption 1 (Light-tailed data). The sub-Gaussian norm (see [Vershynin, 2018, Definition 2.5.6]) of

each variable is bounded above by a constant independent of p and n.

Assumption 2 (Low-dimensional invertibility). The minimum of the smallest eigenvalues of all the k ⇔ k

principal sub-matrices of ! is bounded below by a positive constant independent of p and n.

Assumption 3 (Separation). For some ⇀ > 0, the achieved CSS objective for the population best subset

S↘ = argmin
S↓[p],|S|=k

Tr(!→!•S!
+
S!•S)

is well separated from the objective achieved by any other subset

min
S ≃=S↗

Tr(!→!•S!
+
S!•S) → Tr(!→!•S↗!

+
S↗!•S↗) = $(p1/2+ϱ)

Note that Assumption 2 is much weaker than assuming a lower bound on the minimum eigenvalue of !.

Under Assumption 2 , ! can still be singular.

Under the above three assumptions, Theorem 11 guarantees that the in-sample CSS solution is consistent

for the population CSS solution.

Theorem 11 (High-dimensional setting where CSS is consistent). Suppose we observe samples x(1), . . . , x(n)
↑

Rp with sample covariance !̂ ↑ Sp↑p
+ from a distribution P with population covariance ! ↑ Sp→p

+ . Fix k, and

consider the proportional asymptotic regime where p/n converges to a constant as n, p ↘ ≃. If P satisfies
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Assumption 1, Assumption 2, and Assumption 3 as n, p ↘ ≃, then any in-sample CSS solution

Ŝ ↑ argmin
S↓[p],|S|=k

Tr(!̂→ !̂•S!̂
+

S !̂•S)

is consistent for the population CSS solution

S↘
↑ argmin

S↓[p],|S|=k
Tr(!→!•S!

+
S!•S),

i.e.,

lim
n⇑⇐

P (Ŝ = S↘) = 1.

Note that, by Assumption 3, the population CSS solution S↘ is eventually unique.

The rest of this section is a proof of Theorem 11. We use ⇑ ·⇑2 to denote the spectral norm of a matrices.

We denote the sorted eigenvalues of a positive semi-definite matrix A ↑ Sq↑q
+ as ↽1(A) ∈ · · · ∈ ↽q(A) ∈ 0.

For a matrix M ↑ Rq↑k we denote its sorted top-k singular values as s1(M) ∈ · · · ∈ sk(M) ∈ 0. We use

ci to denote positive constants that are independent of n and p. If we introduce a new ci, that means that

such a ci exists. Also, we make use of the stochastic calculus notation of [Vaart, 1998, Chapter 2].

A.4.1 Central argument

First we consider the case that X ⇐ (0,!), ! ↑ Sp↑p
+ is mean-zero and let !ij = n→1

n
ϑ=1 X(ϑ)

i X(ϑ)
j be

our estimate of ! = E[XX↗]. We will use the notation

Obj(#, U) = p→1/2→ϱTr(#→#•U#
+
U#U•).

to denote the CSS objective for the covariance # ↑ Sp↑p
+ , scaled by p→1/2→ϱ. Our goal is to show that S̃,

which is a minimizer (break ties randomly) of Obj(!, S) for size-k subsets S, is consistent for S↘, which

is the minimizer of Obj(!, S) for size-k subsets S. By Assumption 3, Obj(!, S) eventually has a unique

minimizer.

Assumption 3 tells us exactly that

min
S ≃=S↗

Obj(!, S) → Obj(!, S↘) = $(1),

If we show that

max
S↓[p]:|S|=k

’(S) = op(1), ’(S) = |Obj(!, S) → Obj(!, S)|

then S̃ will be consistent for S↘ via the following argument:

P (S̃ = S↘) = P (Obj(!, S↘) < min
S ≃=S↗

P (Obj(!, S))

∈ P ( max
S↓[p]:|S|=k

’(S) <
1

2
( min
S ≃=S↗

Obj(!, S) → Obj(!, S↘)))

= 1 → o(1)
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Considering an arbitrary size-k subset S, we fix t > 0 and devote the rest of the argument to showing that

P (’(S) > t) = o

(
p

k

→1
)

. (A.7)

Then, the fact that maxS↓[p]:|S|=k
’(S) = op(1) follows trivially from a union bound.

We start by re-writing ’(S). For two square positive semi-definite matrices A and B, von Neumann’s

trace inequality [Mirsky, 1975] implies that |Tr(AB)| ⇒ |Tr(A)||Tr(B)|. Then, for four square positive

semi-definite matrices A, B, A, and B, we have that

|Tr(A B →AB)| = |Tr(A B → AB + AB →AB)|

⇒ |Tr(A( B →B))| + |Tr((A→A)B)|

⇒ |Tr(A)| · |Tr( B →B)| + |Tr(A→A)| · |Tr(B)|.

Using this fact we can reconfigure ’(S)

’(S)

= p→1/2→ϱ
|Tr(!→ !•S

!
+

S
!S•) → Tr(!→!•S!

+
S!S•)|

⇒ p→1/2→ϱ
|Tr(!→!)| + p→1/2→ϱ

|Tr(!S•
!•S

!
+

S →!S•!•S!
+
S )|

⇒ p→1/2→ϱ
|Tr(!→!)| + p→1/2→ϱ

|Tr(!S•
!•S)| · |Tr(!

+

S →!
+
S )| + p→1/2→ϱ

|Tr(!S•
!•S →!S•!•S)| · |Tr(!+

S )|

⇒ p→1/2→ϱ
|Tr(!→!)| + p→1/2→ϱ

|Tr(!S•
!•S →!S•!•S)| · |Tr(!

+

S →!
+
S )|

+ p→1/2→ϱ
|Tr(!S•!•S)| · |Tr(!

+

S →!
+
S )| + p→1/2→ϱ

|Tr(!S•
!•S →!S•!•S)| · |Tr(!+

S )|

We can further bound some of these terms. We know from Assumption 1 that maxi↔[p] !ii ⇒ c1 and

therefore also maxi↔[p],j↔[p] |!ij | ⇒ c1, so |Tr(!S•!•S)| ⇒ kp maxi↔[p],j↔[p] !
2
ij ⇒ c2p. We also know from

Assumption 2 that |Tr(!+
S )| ⇒ k⇑!→1

S ⇑2 ⇒ c3. Hence, we have

’(S) ⇒ p→1/2→ϱ
|Tr(!→!)|︸ ︷︷ ︸
”̃1(S)

+p→1/2→ϱ
|Tr(!S•

!•S →!S•!•S)| · |Tr(!
+

S →!
+
S )|

+ c2 p1/2→ϱ
|Tr(!

+

S →!
+
S )|

︸ ︷︷ ︸
”̃3(S)

+c3 p→1/2→ϱ
|Tr(!S•

!•S →!S•!•S)|︸ ︷︷ ︸
”̃2(S)

If we provide appropriate tail bounds for the ’i(S), i.e. show that for any t > 0 that

P (’i(S) > t) = o

(
p

k

→1
)

,
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where the right-hand-side bound is independent of S. Then it is straightforward to establish the tail bound

(A.7) for ’(S). We devote the rest of the argument to establishing this tail bound for ’1(S), ’2(S), and
’3(S).

A.4.2 Establishing tail bounds

Tail bound for ’1(S)

We start by getting a concentration bound for the entries of !ij . Using the Orlicz norm notation from

Section 2.7.1 of Vershynin [2018], Assumption 1 implies that ⇑Xi⇑⇁2 ⇒ c4. We can use [Vershynin, 2018,

Lemma 2.7.7] to see that ⇑XiXj⇑⇁1 ⇒ ⇑Xi⇑⇁2⇑Xj⇑⇁2 ⇒ c5 implying that all the XiXj are sub-exponential.

For any x ∈ 0, [Vershynin, 2018, Corollary 2.8.3 ] gives the following concentration bound for the entries
!ij :

P (|!ij →!ij | ∈ x) ⇒ 2 exp
(
→c6 min

(
x2, x

)
n
)

(A.8)

Now, we use the union bound along with our sub-exponential concentration result

P (’1(S) > t) ⇒ P (p→1/2→ϱ
p∑

i=1

|!ii →!ii| > t) (triangle inequality)

⇒

p∑

i=1

P

|!ii →!ii| > p→1/2+ϱt


(union bound)

⇒ 2p exp

→c6 min


np→1+2ϱt2, np→1/2+ϱt


(sub-exponential concentration)

= o

(
p

k

→1
)

Tail bound for ’2(S)

To get a tail bound for ’2(S) we need a concentration result for !
2

ij . Fix some constant c7 > 0 and

define Bij = max{|2!ij + c7|, |2!ij → c7|}. Two things are true. First, if |!ij +!ij | > Bij , then it must be

the case that |!ij →!ij | > c7. Second Bij ⇒ c8 for some constant. Considering some x ∈ 0, we can now get

a concentration result for !
2

ij .

P

|!

2

ij →!
2
ij | > x



= P

|!

2

ij →!
2
ij | > x, |!ij + !ij | ⇒

Bij


+ P


|!

2

ij →!
2
ij | > x, |!ij + !ij | > Bij



⇒ P

|!ij →!ij | > x/ Bij


+ P


|!ij + !ij | > Bij



⇒ P

|!ij →!ij | > x/c8


+ P


|!ij →!ij | > c7


(definition of Bij)

⇒ 2 exp(→c9 min
(
x2, x

)
n) + 2 exp(→c10n) (sub-exponential concentration)

With this result under our belt, getting a tail bound for ’2(S) is straight-forward.
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P (’2(S) > t)

⇒ P (p→1/2→ϱ
∑

i↔S

p∑

j=1

|!
2

ij →!
2
ij | > t) (triangle inequality)

=
∑

i↔S

p∑

j=1

P

|!

2

ij →!
2
ij | > k→1p→1/2+ϱt


(union bound)

⇒ 2pk exp

→c11 min


np→1+2ϱt2, np→1/2+ϱ


+ 2pk exp(→c10n) (concentration for !

2

ij)

= o

(
p

k

→1
)

Tail bound for ’3(S)

We will get a tail bound for ’3(S) via a concentration inequality for the singular values of X•S!
→1/2
S ↑

Rn↑k, where X•S ↑ Rn↑k is random matrix with i.i.d samples of XS as rows. Essentially, concentration of

these singular values this will imply concentration of the eigenvalues of !
→1

S .

Using Assumption 1 and Assumption 2, we can show that the rows of X•S!
→1/2
S ↑ Rn↑k are isotropic

sub-gaussian random vectors with bounded sub-gaussian norm:

⇑!
→1/2
S XS⇑⇁2 = sup

∞v∞2=1
⇑(!→1/2

S XS)↗v⇑⇁2

= sup
∞v∞2=1




∥∥∥∥∥X↗

S

(
!

→1/2
S v

⇑!
→1/2
S v⇑2

)∥∥∥∥∥
⇁2

⇑!
→1/2
S v⇑2





⇒ ⇑!
→1/2
S ⇑2 sup

∞ṽ∞2=1
⇑ṽ↗XS⇑⇁2

⇒ ⇑!
→1
S ⇑

1/2
2 sup

∞ṽ∞2=1

k∑

i=1

|vi|⇑XS⇑⇁2

⇒ ⇑!
→1
S ⇑

1/2
2 max

i↔[p]
⇑Xi⇑⇁2 sup

∞ṽ∞2=1
⇑ṽ⇑1

⇒ c12.

Note that in the above v, ṽ ↑ Rk have fixed (non-growing) dimension because k is fixed. [Vershynin, 2018,

Theorem 4.6.1], then tells us that there is a constant c13 such that for any x ∈ c13,

P


max
i↔[k]

|si(X•S!
→1/2
S ) → n1/2

| ∈ x


⇒ 2 exp(→c14(x → c13)

2), (A.9)

To apply this result we need to note two facts. First, whenever the first k singular values of X•S!
→1/2
S

are positive, that means that !→1/2
S

!S!
1/2
S is invertible, so !S must be invertible. Second, whenever !S is
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invertible,

|Tr(!
+

S →!
+
S )| = |Tr(!

→1

S →!
→1
S )|

= |Tr((!
→1

S !S → Ik)!
→1
S )|

⇒ |Tr(!
→1

S !S → Ik)||Tr(!→1
S )|

⇒ k⇑!→1
S ⇑2|Tr(!1/2

S
!
→1

S !
1/2
S → Ik)|

⇒ k⇑!→1
S ⇑2|Tr((!→1/2

S
!S!

→1/2
S )→1

→ Ik)|

⇒ k2
⇑!

→1
S ⇑2|max

i↔[k]
|s→2

i (n→1/2
X•S!

→1/2
S ) → 1|

⇒ c15 max
i↔[k]

|s→2
i (n→1/2

X•S!
→1/2
S ) → 1|

where we have again made use of Assumption 2. To finalize our argument, we will need to make use of the

following lemma.

Lemma A.4.1. Fix some a ↑ (0, 1). There exists some b > 0 such that for all x > 0

|x → 1| < a ≠ b|x → 1| ∈ |x→2
→ 1| (A.10)

Proof. If x = 1 the right hand inequality is always true, so consider x ↖= 1. If |x → 1| < a, then

|x→2
→ 1|

|x → 1|
=

|1 → x2
|

x2|x → 1|

=
1 + x

x2

⇒
2 + a

(1 → a)2

So we can take b = (2 + a)/(1 → a)2.
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Now we can prove the tail bound for ’3(S). Fix some c16 ↑ (0, 1). Then for large enough n,

P

’3 > t



⇒ P


p1/2→ϱ

|Tr(!
+

S →!
+
S )| > t, max

i↔[k]
|si(n

→1/2
X•S!

→1/2
S ) → 1| < c16



+ P


max
i↔[k]

|si(n
→1/2

X•S!
→1/2
S ) → 1| ∈ c16



⇒ P


max
i↔[k]

|s→2
i (n→1/2

X•S!
→1/2
S ) → 1| > c17p

→1/2+ϱt, max
i↔[k]

|si(n
→1/2

X•S!
→1/2
S ) → 1| < c16



+ P


max
i↔[k]

|si(n
→1/2

X•S!
→1/2
S ) → 1| ∈ c16



(!S is invertible on the event)

⇒ P


max
i↔[k]

|si(n
→1/2

X•S!
→1/2
S ) → 1| > c18p

→1/2+ϱt, max
i↔[k]

|si(n
→1/2

X•S!
→1/2
S ) → 1| < c16



+ P


max
i↔[k]

|si(n
→1/2

X•S!
→1/2
S ) → 1| ∈ c16



(Lemma A.4.1 with a = c16)

⇒ P


max
i↔[k]

|si(X•S!
→1/2
S ) → n1/2

| > c18n
1/2p→1/2+ϱt


+ P


max
i↔[k]

|si(X•S!
→1/2
S ) → n1/2

| ∈ n1/2c16



⇒ 2 exp(→c19(n
1/2p→1/2+ϱt → c20)

2) + 2 exp(→c21(n
1/2

→ c22)
2)

(apply Equation (A.9) once n large enough)

= op

(
p

k

→1
)

.

A.4.3 Estimation with mean

Now we allow X ⇐ (µ,!),! ↑ Sp↑p
+ to have a non-zero mean. Now with

! = n→1
n∑

ϑ=1

(X(ϑ)
i → µ)(X(ϑ)

i → µ)T ,

we still let S be a minimizer of Obj(!, S) (with ties broken randomly). Also still we let S↘ be the (eventually

unique) minimizer of Obj(!, S) for size-k subsets S. Now we define Ŝ to be the minimizer of Obj(!̂, S)

(with ties broken randomly) where

! = n→1
n∑

ϑ=1

(X(ϑ)
i → µ̂)(X(ϑ)

i → µ̂)T , µ̂ = n→1
n∑

ϑ=1

X(ϑ)
i ,

and we want to show that Ŝ is consistent for S↘.

By our earlier arguments, we know that

max
S↓[p]:|S|=k

’(S) = op(1), ’(S) = p→1/2+ϱ
|Obj(!, S) → Obj(!, S)|
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If we can show that also

max
S↓[p]:|S|=k

’̂(S) = op(1), ’̂(S) = p→1/2+ϱ
|Obj(!̂, S) → Obj(!, S)|.

then we have consistency, because

P (Ŝ = S↘)

= P (Obj(!̂, S↘) < min
S ≃=S↗

P (Obj(!̂, S))

∈ P


max

S↓[p]:|S|=k
’̂(S) <

1

4
( min
S ≃=S↗

Obj(!, S) → Obj(!, S↘)), max
S↓[p]:|S|=k

’(S) <
1

4
( min
S ≃=S↗

Obj(!, S) → Obj(!, S↘))



= 1 → o(1)

Again, we consider an arbitrary size-k subset S, fix t > 0, and devote the rest of the argument to showing

that

P (’̂(S) > t) = o

(
p

k

→1
)

.

Then, the fact that maxS↓[p]:|S|=k ’̂(S) = op(1) follows trivially from a union bound.

Again we reconfigure ’̂(S) and bound it, similar to how we did before.

’̂(S)

= p→1/2→ϱ
|Tr(!̂→ !̂•S!̂

+

S !̂S•) → Tr(!→ !•S
!

+

S
!S•)|

⇒ p→1/2→ϱ
|Tr(!̂→ !)| + p→1/2→ϱ

|Tr(!̂S•!̂•S!̂
+

S → !S•
!•S

!
+

S )|

⇒ p→1/2→ϱ
|Tr(!̂→ !)| + p→1/2→ϱ

|Tr(!̂S•!̂•S)| · |Tr(!̂
+

S → !
+

S )| + p→1/2→ϱ
|Tr(!̂S•!̂•S → !S•

!•S)| · |Tr(!
+

S )|

⇒ p→1/2→ϱ
|Tr(!̂→ !)| + p→1/2→ϱ

|Tr(!̂S•!̂•S → !S•
!•S)| · |Tr(!̂

+

S → !
+

S )|

+ p→1/2+ϱ
|Tr(!S•

!•S →!S•!•S)| · |Tr(!̂
+

S → !
+

S )| + p→1/2→ϱ
|Tr(!S•!•S)| · |Tr(!̂

+

S → !
+

S )|

+ p→1/2→ϱ
|Tr(!̂S•!̂•S → !S•

!•S)| · |Tr(!
+

S →!
+
S )| + p→1/2→ϱ

|Tr(!̂S•!̂•S → !S•
!•S)| · |Tr(!+

S )|

⇒ p→1/2→ϱ
|Tr(!̂→ !)|︸ ︷︷ ︸
”̂1(S)

+ p→1/2→ϱ
|Tr(!̂S•!̂•S → !S•

!•S)|︸ ︷︷ ︸
”̃2(S)

·|Tr(!̂
+

S → !
+

S )|

+ p→1/2+ϱ
|Tr(!S•

!•S →!S•!•S)| · |Tr(!̂
+

S → !
+

S )| + c2 p1/2+ϱ
|Tr(!̂

+

S → !
+

S )|︸ ︷︷ ︸
”̂3(S)

+ p→1/2→ϱ
|Tr(!̂S•!̂•S → !S•

!•S)| · |Tr(!
+

S →!
+
S )|

︸ ︷︷ ︸
”̃3(S)

+c3 p→1/2→ϱ
|Tr(!̂S•!̂•S → !S•

!•S)|︸ ︷︷ ︸
”̂2(S)
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Our above results already imply tail bounds for the ’i(S), i.e., we know for any t > 0 that

P (’i(S) > t) = o

(
p

k

→1
)

,

We know show the same tail bounds for the ’̂i(S), i.e., we show for any t > 0 that

P (’̂i(S) > t) = o

(
p

k

→1
)

,

It is then straightforward to establish the required tail bound (A.7) for ’̂(S).

Prior to proceeding, we note it is easy to verify that

!→ !̂ = µ(µ → µ̂)T + µ̂(µ̂ → µ)T ≠ !ij → !̂ij = (µ̂i → µi)(µ̂j → µj).

Tail bound for ’̂1(S)

By Assumption 1, the Xi are sub-Guassian and maxi ⇑Xi⇑⇁2 is bounded by some constant c23. Therefore,

[Vershynin, 2018, Theorem 2.6.3] gives us sub-Gaussian concentration, i.e., for any x > 0:

P (|µ̂i → µi| ∈ x) ⇒ 2 exp
(
→c24t

2n
)
.

We can then get our tail bound by applying a union bound.

P (’̂1(S) > t) = P (p→1/2→ϱ
p∑

i=1

(µ̂i → µi)
2 > t)

⇒

p∑

i=1

P

|µ̂i → µ| > (tp→1/2+ϱ)

1
2


(union bound)

⇒ 2p exp

→c24tnp→1/2+ϱ


(sub-Gaussian concentration)

= o

(
p

k

→1
)

.

Tail bound for ’̂2(S)

As was the case for ’2(S), it su”ces to examine the di!erent !̂
2

ij →
!

2

ij . Fix some constant c25 > 0 and

define B̂ij = max{2!ij + c25, 2!ij → c25}. Two things are true. First, rewriting

!̂ij + !ij = 2!ij + 2(!ij →!ij) + (!̂ij →
!ij)

makes it clear that |!̂ij + !ij | > B̂ij implies that either 2|!ij →!ij | > c25/2 or |!̂ij →
!ij | > c25/2. Second,

B̂ij ⇒ c26 for some constant. Thus for any x ∈ 0,
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P

|!̂

2

ij →
!

2

ij | > x


= P

|!̂

2

ij →
!

2

ij | > x, |!̂ij + !ij | ⇒ B̂ij


+ P


|!̂

2

ij →
!

2

ij | > x, |!̂ij + !ij | > B̂ij



⇒ P

|!̂ij →

!ij | > x/B̂ij


+ P


|!̂ij + !ij | > B̂ij



⇒ P

|!̂ij →

!ij | > x/c26


+ P


|!ij →!ij | > c25/4


+ P


|!̂ij →

!ij | > c25/2


(definition of B̂ij and union bound)

= P (|µ̂i → µi| · |µ̂j → µj | > x/c26) + P

|!ij →!ij | > c25/4


+ P (|µ̂i → µi| · |µ̂j → µj | > c25/2)

⇒ P (|µ̂i → µi| > (x/c26)
1/2) + P (|µ̂j → µj | > (x/c26)

1/2) + P

|!ij →!ij | > c25/4



+ P

|µ̂i → µi| > (c25/2)1/2


+ P


|µ̂j → µj | > (c25/2)1/2



(union bound)

⇒ 4 exp(→c27xn) + 5 exp(→c28n)

(sub-Gaussian and sub-exponential concentration)

We can finish the argument the same way as we did for ’2(S).

P (’̂2(S) > t)

⇒ P (p→1/2→ϱ
∑

i↔S

p∑

j=1

|!̂
2

ij →
!

2

ij | > t) (triangle inequality)

=
∑

i↔S

p∑

j=1

P

|!̂

2

ij →
!

2

ij | > k→1p→1/2+ϱt


(union bound)

⇒ 4pk exp(→c29tnp→1/2+ϱ) + 5pk exp(→c30n) (concentration for !̂
2

ij)

= o

(
p

k

→1
)

Tail bound for ’̂3(S)

We first develop the following bound, which holds whenever both !̂S and !S are invertible.

|Tr(!̂
+

S → !
+

S )| = |Tr(!̂
→1

S → !
→1

S )|

= |Tr(!→1
S !

1/2
S (!̂

→1

S → !
→1

S )!1/2
S )|

⇒ k⇑!→1
S ⇑2 ·

∣∣∣Tr

(!→1/2

S
!S!

→1/2
S + !

→1/2
S (!̂S → !S)!→1/2

S )→1
→ (!→1/2

S !̂S!
→1/2
S )→1

∣∣∣

⇒ c31

∣∣∣Tr

(!→1/2

S
!S!

→1/2
S + !

→1/2
S (!̂S → !S)!→1/2

S )→1
→ (!→1/2

S !̂S!
→1/2
S )→1

∣∣∣
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Crucially, we can show that ⇑!
→1/2
S (!̂S → !S)!→1/2

S ⇑2 concentrates to zero. For any x ∈ 0, we have

P (⇑!→1/2
S (!̂S → !S)!→1/2

S ⇑2 ∈ x)

⇒ P (⇑!̂S → !S⇑2 ∈ ⇑!
→1
S ⇑

→1
2 x)

⇒ P (⇑!̂S → !S⇑F ∈ ⇑!
→1
S ⇑

→1
2 x)

⇒

∑

i↔S

∑

j↔S

P (|µ̂i → µi| · |µ̂j → µj | ∈ k→2
⇑!

→1
S ⇑

→2
2 x2) (triangle inequality + union bound)

⇒

∑

i↔S

∑

j↔S

P (|µ̂i → µi| ∈ k→1
⇑!

→1
S ⇑

→1
2 x) + P (|µ̂j → µj | ∈ k→1

⇑!
→1
S ⇑

→1
2 x) (union bound)

⇒ 4 exp(→c32x
2n) (sub-Gaussian concentration)

Henceforth we refer to ⇑!
→1/2
S (!̂S → !S)!→1/2

S ⇑2 as E. We will need the following lemma.

Lemma A.4.2. Fix some a > 0. There exists b > 0 such that for all x, y ∈ c

|x→1
→ y→1

| ⇒ b|x → y| (A.11)

Proof.

|x→1
→ y→1

| =
|x → y|

xy
⇒

1

c2
|x → y|

So one can take b = 1/c2.

The Bauer-Fike theorem [Bauer and Fike, 1960] tells us that every eigenvalue of !
→1/2
S

!S!
→1/2
S + E

is within ⇑E⇑2 of an eigenvalue of !
→1/2
S

!S!
→1/2
S . Note that because !S is always full-rank, whenever

!
→1/2
S

!S!
→1/2
S + E is invertible, so is !̂S . Using Bauer-Fike, we find whenever !S and !̂S are both

invertible that

∣∣∣Tr

(!→1/2

S
!S!

→1/2
S + !

→1/2
S (!̂S → !S)!→1/2

S )→1
→ (!→1/2

S !̂S!
→1/2
S )→1

∣∣∣

⇒ k

(
1

↽k(!
→1/2
S !̂S!

→1/2
S ) → ⇑E⇑2

→
1

↽1(!
→1/2
S !̂S!

→1/2
S ) + ⇑E⇑2

)
(Bauer-Fike)

= k

(
1

s2
k(X̃•S!

→1/2
S ) → ⇑E⇑2

→
1

s2
1(X̃•S!

→1/2
S ) + ⇑E⇑2

)

where X̃•S = X•S → 1µT
S .

Now we can get our tail bound. Fix some c33 ↑ (0, 1) and also some c34 ↑ (0, (1→ c33)2). We see for large

enough n that
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P

’̂3 > t



⇒ P


p1/2→ϱ

|Tr(!̂
+

S → !̂
+

S )| > t, max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) → 1| ⇒ c33, ⇑E⇑2 ⇒ c34



+ P (max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) → 1| > c33) + P (|E⇑2 > c34)

(union bound)

⇒ P


|s2

1(X̃•S!
→1/2
S ) → s2

k(X̃•S!
→1/2
S )| + 2⇑E⇑2 > c35k

→1p→1/2+ϱt, max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) → 1| ⇒ c33, ⇑E⇑2 ⇒ c34



+ P (max
i↔[k]

|si(X̃•S!
→1/2
S ) → n1/2

| > c33n
1/2) + P (|E⇑2 > c34)

(both !̂S and !S invertible on event, apply Lemma A.4.2)

⇒ P

|s2

1(X̃•S!
→1/2
S ) → s2

k(X̃•S!
→1/2
S )| > c36p

→1/2+ϱt


+ P (⇑E⇑2 > c37p
→1/2+ϱt) + P (max

i↔[k]
|si(X̃•S!

→1/2
S ) → n1/2

| > n1/2c33) + P (|E⇑2 > c34)

(union bound)

⇒ P

|s2

1(X̃•S!
→1/2
S ) → s2

k(X̃•S!
→1/2
S )| > c36p

→1/2+ϱt


+ 4 exp(→c38p
→1+ϱnt2) + 2 exp(→c39(n

1/2
→ c40)

2) + 4 exp(→c41n)

(earlier concentration bounds once n is large enough)

The last three terms are o
(p

k

)→1

, so all that remains to show is that the first term is as well. By a

union bound

P

|s2

1(X̃•S!
→1/2
S ) → s2

k(X̃•S!
→1/2
S )| > c36p

→1/2+ϱt


⇒ P

|s2

1(X̃•S!
→1/2
S ) → 1| > c42p

→1/2+ϱt


+ P

|s2

k(X̃•S!
→1/2
S ) → 1|) > c42p

→1/2+ϱt

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Thus, letting c43 = max{|2 → c44|, |2 + c44|}, it su”ces to see that

P


max
i↔[k]

|s2
i (n

→1/2
X̃•S!

→1/2
S ) → 1| > c42p

→1/2+ϱt



= P


max
i↔[k]

|s2
i (n

→1/2
X̃•S!

→1/2
S ) → 1| > c42p

→1/2+ϱt, max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) + 1| ⇒ c43



+ P


max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) + 1| > c43



⇒ P


max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) → 1| > c45p

→1/2+ϱt


+ P


max
i↔[k]

|si(n
→1/2

X̃•S!
→1/2
S ) → 1| > c44



⇒ P


max
i↔[k]

|si(X̃•S!
→1/2
S ) → n1/2

| > c45n
1/2p→1/2+ϱt


+ P


max
i↔[k]

|si(|X̃•S!
→1/2
S ) → n1/2

| > c44n
1/2



⇒ 2 exp(→c46(n
1/2p→1/2+ϱt → c47)

2) + 2 exp(→c48(n
1/2

→ c49)
2)

(Apply Equation (A.9) once n large enough)

= o

(
p

k

→1
)

where we have applied the same technique as we did for ’2(S).

A.5 Additional theoretical results

A.5.1 Estimation error of regression coe!cients

In this section, we use the finite sample bounds we developed in Appendix A.4 to study the regression

coe”cients from the regression of X→U on XU , where U is some size-k subset. More concretely, we aim

to measure the quality of the observed regression coe”cients !̂→U,U !̂
→1

U as an estimate of the population

regression coe”cients !→U,U!
→1
U . We will use the 2-to-≃ norm to measure our estimation error,

⇑!̂→U,U !̂
→1

U →!→U,U!
→1
U ⇑2⇑⇐ = max

j ≃↔U
⇑!̂

→1

U !̂Uj →!
→1
U !Uj⇑2.

Considering variables j ↖↑ U , the 2-to-≃ norm captures the worst-case L2 estimation error for the regression

coe”cients from the regression of Xj on XU . Because our analysis comes from finite sample bounds, it

applies even in the high-dimensional where the number of variables p and the sample size n are comparable

in size. Along with providing a bound that holds for a specific subset U , we also provide a bound that holds

uniformly over all size-k subsets. Because it is uniform, it is informative even for a subset that is chosen by

a possibly complicated and non-deterministic CSS algorithm.

Proposition A.5.1 states our error control result. In Proposition A.5.1, we adopt two of the assumptions

from Appendix A.4, this time also requiring that constants be independent of k:

Assumption 4 (Light-tailed data). The sub-Gaussian norm (see [Vershynin, 2018, Definition 2.5.6]) of

each variable is bounded above by a constant independent of n, p, and k.

Assumption 5 (Low-dimensional invertibility). The minimum of the smallest eigenvalues of all the k ⇔ k

principal sub-matrices of ! is bounded below by a positive constant independent of n, p, and k.
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Proposition A.5.1. Consider observing samples x(1), . . . , x(n)
↑ Rp from a mean-zero distribution X ⇐ P

satisfying Assumption 4 and Assumption 5, and let !̂ = n→1
n

i=1 x(i)(x(i))↗ denote the sample covariance.

For a size-k subset U , let M be the sub-Gaussian norm of XU and set B = maxj ≃↔U ⇑!Uj⇑2. Then for any

t ↑ (0, 1),

P (⇑!̂→U,U !̂
→1

U →!→U,U!
→1
U ⇑2⇑⇐ > t) ⇒ c1pk exp

(
→


c2tn1/2

k1/2 max(BM2, M2, 1)
→ 1

2

+

)

for some constants c1, c2 > 0 that are independent of n, p, k. As a consequence,

P


max

U↓[p]:|U |=k
⇑!̂→U,U !̂

→1

U →!→U,U!
→1
U ⇑2⇑⇐ > t


⇒ c1p

k+1k exp

(
→


c3tn1/2

k2
→ 1

2

+

)
,

where c3 > 0 is another constant independent of n, p, k.

In Proposition A.5.1, the light-tail assumption is necessary to ensure that our estimates concentrate, and

the invertibility assumption is necessary to ensure that the estimate !̂
→1

U of !→1
U is well-behaved. We assume

mean-zero data for simplicity. By applying identical arguments to those in Appendix A.4.3, we can modify

Proposition A.5.1 to accommodate data with non-zero mean.

While Proposition A.5.1 may appear hard to parse at first, what it tells us is quite simple: excluding log

factors, the 2-to-≃ regression coe”cient estimation error for a subset U scales (up to logarithmic factors)

at worst as
√

k/n max(BM2, M2, 1), where M is the sub-Gaussian norm of XU and B = maxj ≃↔U ⇑&Uj⇑2

is the maximum L2 norm of the covariance between the variables U and variables j ↖↑ U . If the B and M2

can be bounded by constants that have no dependence on k, n, or p, then the estimation error scales (up to

logarithmic factors) at worst as
√

k/n.

A situation where we may reasonably believe that the estimation error scales at worst (up to logarithmic

factors) as
√

k/n is if our data comes from the k-dimensional PCSS model (3.1) and we consider coe”cient

estimates for population subset S. It is not unreasonable to imagine that the variables in S have little

dependence, as if the principal variables are highly correlated and explain redundant variation, a smaller

and less dependent principal variable set may better model the data. Hence, we can reasonably restrict to

the case where the sub-Gaussian norm of XS and the maximum eigenvalue of !S are bounded by a constant

independent of n, p, and k. One simple case where this is true is when the principal variables are exactly

independent (because of Assumption 4) . Henceforth, when we say bounded by a constant, we mean a

constant independent of n, p and k. In this case, we have immediately that M is bounded by a constant.

To deal with B, we note that by Assumption 4, the maximum variance of the variables in →S is bounded

above by a constant. Because of the covariance structure induced by the PCSS model, this means that

maxj ≃↔S !jS!
→1
S !Sj = maxj ≃↔S ⇑!

→1/2
S !Sj⇑

2
2 and therefore maxj ≃↔S ⇑!

→1/2
S !Sj⇑2 are also bounded above

by a constants. Since

B = max
j ≃↔S

⇑!Sj⇑
2
2 ⇒ ⇑!

1/2
S ⇑2 max

j ≃↔S
⇑!

→1/2
S !Sj⇑2 = ⇑!S⇑

1/2
2 max

j ≃↔S
⇑!

→1/2
S !Sj⇑2,

and ⇑!S⇑
1/2
2 is bounded above by a constant, so is B. Hence, if the principal variables are su”ciently

non-dependent, we can reasonably imagine that the regression coe”cient error for the principal variable set

S (up to logarithmic factors) scales at worst as
√

k/n.
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In general, however, for a set of more correlated variables U , the sub-Gaussian norm of XU or the

maximum eigenvalue of !U can grow with k. Still, even in the most general case, it is straightforward to

use Assumption 4 to bound M ⇒ c4

↓
k and B ⇒ c4

↓
k for some constant c4 > 0. Hence we still find that

the estimation error (up to logarithmic factors) scales at worst as k2/
↓

n. In fact, Proposition A.5.1 tells us

that this error bound holds uniformly over all size-k subsets, so it applies even for a subset selected via a

complex and possibly non-deterministic CSS algorithm.

Since k is typically much smaller than n and p, the estimation error is quite small in both cases, even

when the number of variables p and sample size n are comparable in magnitude.

A.5.2 Selecting the best subset

We identify a handful of settings where our greedy (Algorithm 1) and/or swapping (Algorithm 2) algo-

rithms find the best subset according to the CSS objective (2.1). In the below, we consider performing CSS

on a covariance matrix ! and suppose we are aiming to select a size-k subset. Proofs of the claims can be

found in Appendix A.7.19.

1. Independence: Supposing that ! is a diagonal matrix, both our greedy and swapping algorithms

find an optimal solution.

2. Perfect reconstruction: Suppose ! is such that there exists a set of k variables that perfectly

linearly reconstruct the remaining. Then both our greedy and swapping algorithms will find such a set

of variables, and therefore find an optimal solution.

3. Equicorrelation: If ! is a equicorrelation matrix, then all subsets have the same objective value by

symmetry, and thus our algorithms trivially find an optimal solution. Note that our covariance view

from Section 2.2 greatly simplifies our analysis of this setting.

4. Block diagonal: Suppose ! is a block diagonal correlation with k blocks, i.e., there are k groups of

variables. Let M1 ↑ Rq↑q, . . . , Mk ↑ Rq↑q be the di!erent blocks. Supposing that each group has a

strong enough representative, i.e., there exists a row/column ij in each of the j = 1, . . . , k blocks such

that ⇑M•ij⇑
2
2 > q/2, then our greedy algorithm will find the optimal solution.

Empirically we verified that when !ij = 0|i→j| (covariance of an AR(1) process) our greedy and swapping

algorithms are not guaranteed to find the optimal solution.

A.6 L2 Random variables as a Hilbert space

The results of this section are generally known but hard to find covered in full generality. We give detailed

account of them as they are particularly useful for proving the results in this article. Consider a probability

space ($,F , P ). Upon identifying random variables which are equal almost surely in the same equivalence

class, the random variables in L2($,F , P ) form a complete Hilbert space. Equality between random variables

denotes membership to the same equivalence class, i.e., almost sure equality. For two real-valued random

variables X, Y ↑ L2, the inner product ∅X, Y ℜH, given by E[XY ], induces a norm ⇑X⇑
2
H

= E[X2]. As abuse

of notation, when dealing with random vectors Z ↑ Rk with entries Zi in L2, we let ⇑Z⇑
2
H

=
k

i=1 ⇑Zi⇑
2
H

,

so ⇑Z⇑
2
H

= Tr(E[ZZ↗]).
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Since we’re working in a Hilbert space, we can project random variables onto linear subspaces of our

Hilbert space. We only project onto finite dimensional subspaces, so we don’t concern ourselves with the

subtleties of infinite dimensional subspaces. If G is a subspace of H, we denote the projection of X onto G

as Proj
G
(X). For random vectors, Proj

G
(Z) is the random vector with ith entry Proj

G
(Zi). We denote the

subspace spanned by the entries of Z as Span(Z), but as an abuse of notation we write ProjZ(·) instead of

ProjSpan(Z)(·). The following Lemma helps us compute projections:

Lemma A.6.1. For random vectors X ↑ Rp, Y ↑ Rq,

{E[Y X↗]E[XX↗]+ + E : E ↑ Rq↑p such that EX = 0} = argmin
B↔Rq→p

E[⇑Y →BX⇑
2
2].

Theorem 12 provides some useful facts about these projections.

Theorem 12. Consider random vectors X ↑ Rp, Y ↑ Rq and define P = E[Y X↗]E[XX↗]+X and R =

Y → P . Then,

(i) P = ProjX(Y ),

(ii) E[PR↗] = 0 and E[XR↗] = 0, i.e., each entry of X and P is orthogonal to each entry of R,

(iii) ⇑Y ⇑
2
H

= ⇑P⇑
2
H

+ ⇑R⇑
2
H
,

(iv) E[PP↗] = E[Y X↗]E[XX↗]+E[XY ↗] and E[RR↗] = E[Y Y ↗] → E[Y X↗]E[XX↗]+E[XY ↗].

The following is a useful corollary of Theorem 12.

Corollary 9. Considering random vectors X ↑ Rp, Y ↑ Rq, Y = WX + ⇁ with E[X⇁↗] = 0 if and only if

W = E[Y X↗]E[XX↗]+ + E where E ↑ Rq↑p such that EX = 0.

A.7 Proofs and derivations

A.7.1 Proof of Lemma A.6.1

Minimizing E[⇑Y →BX⇑
2
2] = E[Tr((Y →BX)(Y →BX)↗] = Tr(E[Y Y ↗]→2BE[XY ↗]+BE[XX↗]B↗)

with respect to B is an unconstrained convex minimization problem. Thus B is a minimizer if and only if

it sets the first derivative to 0. Using [Petersen and Pedersen, 2008, 2.5.2] to compute the first derivative,

we get B is a solution if and only if BE[XX↗] → E[Y X↗] = 0.

We check that B = E[Y X↗]E[XX↗]+ is a solution. If v ↑ Rp is in the null space of E[XX↗],

then 0 = v↗E[XX↗]v = E[(X↗v)2], so X↗v = 0. Then also E[Y X↗]v = E[Y (X↗v)] = 0. Then,

for our choice of v, (E[Y X↗]E[XX↗]+E[XX↗] → E[Y X↗])v = 0. If v ↑ Rp is not in the null space

of E[XX↗], then E[XX↗]+E[XX↗]v = v, so (E[Y X↗]E[XX↗]+E[XX↗] → E[Y X↗])v = 0. Thus

(E[Y X↗]E[XX↗]+E[XX↗]→E[Y X↗])v = 0 for all v ↑ Rp, so E[Y X↗]E[XX↗]+E[XX↗]→E[Y X↗] = 0.

For any E ↑ Rq↑p such that EX = 0 it is obvious that E[Y X↗]E[XX↗]+ + E is a solution. If B̃

is also a solution, then B̃E[XX↗] → E[Y X↗] = 0 and thus (E[Y X↗]E[XX↗]+ → B̃)E[XX↗] = 0. Thus

B̃ = E[Y X↗]E[XX↗]+ + E for some E ↑ Rq↑p such that EE[XX↗] = 0. Since also EE[XX↗]E↗ = 0,

we have that Tr(E[EX(EX)↗])) = E[⇑EX⇑
2
2] = 0 so EX = 0.
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A.7.2 Proof of Theorem 12

We prove each result in the order the are presented.

(i) The ith entry of ProjX(Y ) is given by Yi→(b↘)↗X, where b↘ minimizes ⇑Yi→b↗X⇑
2
H = E[(Yi→b↗X)2]

over b. By Lemma A.6.1, b↘ must be given by the ith row of E[Y X↗]E[XX↗]++E for some E ↑ Rq↑p

such that EX = 0. Thus, up to almost sure equality, that the ith entry of ProjX(Y ) is given by

Yi → (E[Y X↗]E[XX↗]+)i•X.

(ii) From (i) we know that Pj is ProjX(Yj) and Ri = Yi → ProjX(Yi). From standard properties of

projections in Hilbert spaces, we know that Pj ↑ Span(X) and Ri is orthogonal to anything in Span(X).

thus Pj and Ri are orthogonal, meaning exactly that E[PR↗] = 0. Same argument applies for X.

(iii) From (ii) we know that E[PiRi] = 0. Thus, since Yi = Pi + Ri we have ⇑Yi⇑
2
H

= E[Y 2
i ] = E[R2

i ] +

E[P 2
i ] = ⇑Pi⇑

2
H

+ ⇑Ri⇑
2
H

.

(iv) We can compute E[PP↗] = E[Y X↗]E[XX↗]+E[XX↗]E[XX↗]+E[XY ↗] = E[Y X↗]E[XX↗]+E[XY ↗].

Since Y = P+R and we know E[PR↗] = 0 from (ii), we immediately get E[Y Y ↗] = E[PP↗]+E[RR↗].

So, E[RR↗] = E[Y Y ↗] → E[PP↗] = E[Y Y ↗] → E[Y X↗]E[XX↗]+E[XY ↗].

A.7.3 Proof of Corollary 9

The reverse direction follows as if W = E[Y X↗]E[XX↗]+ + E, then WX = P and ⇁ = R as in

the statement of Theorem 12. Thus by Theorem 12(ii), E[X⇁↗] = 0. For the forward direction, by the

properties of projections in Hilbert spaces, it is only possible for ⇁i to be uncorrelated with X if W i•X

equals ProjX(Yi) = Pi. Therefore we must have W = E[Y X↗]E[XX↗]+ + E where E ↑ Rq↑p such that

EX = 0 by Theorem 12(i).

A.7.4 Proof of Proposition 1 and Proposition 2

By Lemma A.6.1 and Theorem 12(iv),

min
B↔Rp→k

E[⇑X →BXS⇑
2
2] = Tr(E[XX↗] → E[XX↗]•SE[XX↗]+S E[XX↗]S•).

Taking X to be mean-zero, this immediately implies Proposition 2. To prove Proposition 1, let X be

uniformly random over the rows of the matrix X and evaluate the expectations on both sides.

A.7.5 Proof of Theorem 1

We provide a proof of Theorem 1. We then provide the analogous result when we allow the covariance of

X→S |XS to be diagonal (see (A.1)). Lastly we provide the analogous results for both these cases when we

assume that the principal variable distribution F is Gaussian.

PCSS model

Suppose we restrict F to have a probability density bounded by K < ≃. Our model is parameterized by

θ = (S, f, µ→S ,W , ϖ2) where f is the density of F . Let µ̂ and !̂ be the sample mean and sample covariance
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of our data. Fix a size-k subset S. The negative log-likelihood, scaled by 1/n, under our model is given by

→
1

n

n∑

i=1

ς(x(i); θ)

= →
1

n

n∑

i=1


ς(x(i)

S ; θ) + ς(x(i)
→S |x

(i)
S ; θ)



=
1

n

n∑

i=1

log(f(x(i)
S )) +

1

2
·

1

n

n∑

i=1


(p → k) log(22) + (p → k) log ϖ2 + ϖ→2

⇑x(i)
→S → µS →W (x(i)

S → µ→S)⇑2
2)


= →
1

n

n∑

i=1

f(x(i)
S ) +

p → k

2
log ϖ2 +

1

2ϖ2
·

p→k∑

j=1

(
1

n

n∑

i=1

((x(i)
→S)j → (µS)j →W j•(x

(i)
S → µ→S))2

)
+

(p → k) log(22)

2
.

We know that →
1
n

n
i=1 log(f(x(i)

S )) is bounded below by → log(K). By adding together n bump functions

are narrow enough and attain their maximum height of K at each x(i) and placing any remaining mass in the

tails of f , we can find an f that attains this bound. Although µS = EF [XS ] is not explicitly known, we can

absorb (µS)j into W j•µ→S for each j, so it is an inconsequential parameter. So, without loss of generality

we set µS = µ̂S in the above. For c > 0, the function log x+ c
x is minimized at x = c and has minimized value

log(c) + 1. Thus we should pick (µ→S)j and W j• to minimize 1
n

n
i=1((x

(i)
→S)j → (µ→S)j →W j•(x

(i)
S → µ̂S))2.

This is a convex problem. From the first order condition one can compute the minimizing value for (µ→S)j is

(µ̂→S)j , and then apply Lemma A.6.1 to compute that the minimizing value of W j• is given by (!̂→S,S)j•!̂
+

S .

Plugging in these minimizing values gives

1

n

n∑

i=1

((x(i)
→S)j → (µ→S)j →W j•(x

(i)
S → µ̂S))2 = (!̂→S)jj → (!̂→S,S)j•!̂

+

S (!̂S,→S)•j .

Since no k variables perfectly linearly reconstruct the remaining, we know at least one of (!̂→S)jj →

(!̂→S,S)j•!̂
+

S (!̂S,→S)•j is positive. The minimizing value of ϖ2 is thus attained at

ϖ2 =
1

p → k

p→k∑

j=1

(!̂→S)jj → (!̂→S,S)j•!̂
→1

S (!̂S,→S)•j = Tr(!̂→S → !̂→S,S!̂
+

S !̂S,→S)/(p → k).

Plugging in all our minimizing values, the negative log likelihood is

→ log(K) +
p → k

2
log


Tr(!̂→S → !̂→S,S!̂

+

S !̂S,→S)/(p → k)


+
p → k

2
(1 + log(22)).

Thus the S which minimizes the negative log-likelihood is the one which minimizes Tr(!̂→S→!̂→S,S!̂
+

S !̂S,→S) =

Tr(!̂→ !̂•S!̂
+

S !̂S•), completing the claim.

In the case that F is completely unrestricted, our model is parameterized by θ = (S, F, µ→S ,W , ϖ2). Fix
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a size-k subset S. The negative log hybrid likelihood is given by

→
1

n

n∑

i=1

ς(x(i); θ)

= →
1

n

(
n∑

i=1

ς(x(i)
S ; θ) → ς(x(i)

→S |x
(i)
S ; θ)

)

= →
1

n

n∑

i=1

log(F (x(i)
S )) →

1

n

n∑

i=1

ς(x(i)
→S |x

(i)
S ; θ).

By [Owen, 2001, Theorem 2.1], the optimal choice of F is that which puts weight 1/n on each x(i). For this

minimizing F , the negative log hybrid likelihood is log(n) → 1
n

n
i=1 ς(x(i)

→S |x
(i)
S ; θ). The argument is then

identical to the one above.

Diagonal conditional covariance

We show the analogous result for the when we allow the covariance of X→S |XS to be diagonal (see (A.1)).

We will assume that every (k + 1) by (k + 1) principal sub-matrix of !̂ is full rank.

In place of ϖ2 > 0 we have the diagonal matrix D ∝ 0 as a parameter. Fix a subset S and again

decompose the likelihood:

→
1

n

n∑

i=1

ς(x(i); θ) = →
1

n

n∑

i=1


ς(x(i)

S ; θ) + ς(x(i)
→S |x

(i)
S ; θ)


.

The maximum likelihood estimate of the density f is the same as before, and finding the remaining maxi-

mizers is similar to before:

→
1

n

n∑

i=1

ς(x(i)
→S |x

(i)
S ; θ)

=
1

2

p→k∑

j=1

(
logDjj +

1

Djj
·

(
1

n

n∑

i=1

((x(i)
→S)j → (µS)j →W j•(x

(i)
S → µ→S))2

))
+

(p → k) log(22)

2
.

Following the reasoning above, we set W j• to minimize 1
n

n
i=1((x

(i)
→S)j→(µ→S)j→W j•(x

(i)
S →µ̂S))2 resulting

in a minimized value of (!̂→S)jj→(!̂→S,S)j•!̂
→1

S (!̂S,→S)•j > 0 where the inequality and invertability of !̂
→1

S

come from our new assumption. Like before, this minimized value is the minimizing choice for Djj , implying

that the minimizing D is given by Diag(!̂→S → !̂→S,S!̂
→1

S !̂S,→S). The minimized negative log-likelihood is

then given by

→ log(K) +
1

2
log(|Diag(!̂→S → !̂→S,S!̂

→1

S !̂S,→S)|) +
p → k

2
(1 + log(22)).

So a subset minimizes the negative log-likelihood if and only if it minimizes log(|Diag(!̂→S→!̂→S,S!̂
→1

S !̂S,→S)|).

The argument for minimizing the negative hybrid log-likelihood is then identical to the one above.
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Gaussian principal variable distribution F

Now we derive the analogous results when we require that the principal variable distribution F is a

Gaussian, so XS ⇐ N(µS ,C) where C ∝ 0. First consider the PCSS model with this restriction. Along

with the assumption that no k variables perfectly reconstruct the rest, we require that every k by k principal

sub-matrix of ! is full rank. The model is parameterized by (S, µ,C,W , ϖ2). Fix a subset S. The negative

log-likelihood, scaled by 1
n , is given by

→
1

n

n∑

i=1

ς(x(i); θ) = →
1

n

n∑

i=1


ς(x(i)

S ; θ) + ς(x(i)
→S |x

(i)
S ; θ)


.

Fix a size-k subset S. We can ignore the dependence of → 1
n

n
i=1 ς(x(i)

→S |x
(i)
S ; θ) on µS for the same reason in

the proof of Theorem 1. Minimizing →
1
n

n
i=1(ς(x

(i)
S ; θ) with respect to C and µS is equivalent finding the

unrestricted MLE for a multivariate Gaussian. Since !̂S is invertible by our new assumption, the minimizing

values of C and µS are !̂S and µ̂S . The minimizing values of W, ϖ2 are then identical to those in the proof

of Theorem 1 by the same computations, and the minimized value of the negative log-likelihood is

1

2
log |!̂S | +

p → k

2
log


Tr(!̂→S → !̂→S,S!̂

→1

S !̂S,→S)/(p → k)


+
p

2
(1 + log(22)).

So the subset which minimizes the negative log-likelihood is one which minimizes log |!̂S |+(p→k) log(Tr(!̂→S→

!̂→S,S!̂
→1

S !̂S,→S)/(p → k). This is su”cient to prove the claim.

In the case that the principal variable distribution F is a Gaussian and the covariance of X→S | XS

is allowed to be diagonal, we again assume that every (k + 1) by (k + 1) principal sub-matrix of !̂ is full

rank. Then proof is identical to above. The subset which minimizes the negative log-likelihood is one which

minimizes log |!S | + log(|Diag(!̂→S → !̂→S,S!̂
→1

S !̂S,→S)|).

A.7.6 Proof of Theorem 2

Throughout this proof, we denote the sorted eigenvalues of a positive semi-definite matrix A ↑ Sq↑q
+

as ↽1(A) ∈ · · · ∈ ↽q(A) ∈ 0. For a matrix M ↑ Rq↑k we denote its sorted top-k singular values as

s1(M) ∈ · · · ∈ sk(M) ∈ 0. We also let ⇑ · ⇑2 denote the spectral norm of a matrix.

In Appendix A.4, we identified a high-dimensional setting where the in-sample CSS solution (which is

exactly the MLE Ŝ) is consistent for the population CSS solution. This is the subject of Theorem 11, whose

proof is the bulk of Appendix A.4. If we can show that (1) the assumptions of Theorem 11 are satisfied and

(2) that the population subset S is also the population CSS solution once n is large enough, then Theorem 2

is immediately implied by Theorem 11. We recall the assumptions of Theorem 11 below.

Assumption 1 (Light-tailed data). The sub-Gaussian norm (see [Vershynin, 2018, Definition 2.5.6]) of

each variable is bounded above by a constant independent of p and n.

Assumption 2 (Low-dimensional invertibility). The minimum of the smallest eigenvalues of all the k ⇔ k

principal sub-matrices of ! is bounded below by a positive constant independent of p and n.
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Assumption 3 (Separation). For some ⇀ > 0, the achieved CSS objective for the population best subset

S↘ = argmin
U↓[p],|U |=k

Tr(!→!•U!
+
U!•U )

is well separated from the objective achieved by any other subset

min
U ≃=S↗

Tr(!→!•U!
+
U!•U ) → Tr(!→!•S↗!

+
S↗!•S↗) = $(p1/2+ϱ)

To show that the conditions of Theorem 2 imply these assumptions and also imply that the population

subset S is eventually the same as the population CSS minimizer S↘, we will need two linear algebra lemmas

whose results are well-known [joriki, Pavel].

Lemma A.7.1. For any positive semi-definite matrix A written in block matrix notation

A =

[
A11 A12

A21 A22,

]

we have ↽1(A) ⇒ ↽1(A11) + ↽1(A22).

Proof. We recall the proof from joriki. Let v be a unit vector. We can write v =
[
v1 v2

]T
as v =

⇑v1⇑

[
v1/⇑v1⇑ 0

]T
+ ⇑v2⇑2

[
0 v2/⇑v2⇑2

]T
. Thus we have written v as c1u2 + c2u2 where u1, u2, and

c =
[
c1, c2

]T
↑ R2 are all unit vectors. Defining the matrix

B =

[
uT

1 A11u1 uT
1 A12u2

uT
2 A11u1 uT

2 A22u2.

]

it is the case that vTAv = cTBc by construction. Therefore,

vTAv = cTBc

⇒ ↽1(B)

⇒ Tr(B)

= uT
1 A11u1 + uT

2 A22u2

⇒ ↽1(A11) + ↽1(A22)

Because the inequality holds for all unit vectors v, it must be the case that ↽1(A) ⇒ ↽1(A11) + ↽1(A22) as

desired.

Lemma A.7.2. For any positive definite matrix A ↑ Sk↑k
++ written in block matrix notation

A =

[
A11 A12

A21 A22,

]

the minimum eigenvalue of the Schur compelment A22 → A21A
→1
11 A12 is at least as large as the minimum

eigenvalue of A.
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Proof. We recall the proof from Pavel.

[
A11 A12

A21 A22

]
=

[
Ik1 0

A21A
→1
11 Ik2

][
A11 0

0 A22 →A21A
→1
11 A12

][
Ik1 A

→1
11 A12

0 Ik2

]
,

Let

V :=

{[
x

y

]
↑ Rk : x + A

→1
11 A12y = 0

}
.

Note that if z =
[
xT yT

]T
↑ V, then

[
Ik1 A

→1
11 A12

0 Ik2

][
x

y

]
=

[
0

y

]
.

so

zTAz = yT (A22 →A21A
→1
11 A12)y (A.12)

Also ⇑z⇑2
2 ∈ ⇑y⇑2

2. This is su”cient to imply that

min
z↔Rk,z ≃=0

zTAz

zT z
⇒ min

z↔V,z ≃=0

zTAz

zT z
⇒ min

y↔Rk2 ≃=0

yT (A22 →A21A
→1
11 A12)y

yT y

which establishes the claim

Now we catalogue what the conditions of Theorem 2 tell us:

1. Because all the sub-gaussian norm of each variable is bounded above by a constant, there must be

some constant C > 0 such that all the entries of ! have absolute value bounded above by C.

2. There are constants m > 0 and v > 0 such that ↽k(!S) > m and ϖ2
∈ v.

3. There are constants 1 > 0 and c1, . . . , ck > 0 such that, if Ni is the number of entries of W •i whose

absolute value is strictly less than 1, then eventually Ni ∈ cip1/2+ϱ. As a consequence, there is some

constant c > 0 such that eventually mini↔[k] Ni ∈ cp1/2+ϱ.

Of course, all these constants are independent of n and p. With this information in hand, we can show

both that the assumptions hold and that S will eventually be the same as S↘.

Sub-Gaussianity: Assumption 1 is itself assumed in the satement of Theorem 2.

Low-dimensional invertibility: Consider any size-k subset U that is entirely disjoint from S. We can

write the joint covariance of all the variables in U and S in block matrix form as

!S∈U =

[
!S !SU

!US !US!
→1
S !SU + ϖ2

Ik

]
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One can confirm by direct computation that

!
→1
S∈U =

[
!

→1
S + ϖ→2

!
→1
S !SU!US!

→1
S →ϖ→2

!
→1
S !SU

→ϖ→2
!US!

→1
S ϖ→2

Ik

]
.

We can bound ⇑!SU!US⇑2 ⇒ Tr(!SU!US) ⇒ k2C2. Then, applying Lemma A.7.1, we have

↽1(!
→1
S∈U ) ⇒ ↽1(!

→1
S + ϖ→2

!
→1
S !SU!US!

→1
S ) + ↽1(ϖ

→2
Ik)

= ⇑!
→1
S + ϖ→2

!
→1
S !SU!US!

→1
S ⇑2 + ϖ→2

⇒ ⇑!
→1
S ⇑2 + ϖ→2

⇑!
→1
S ⇑

2
2⇑!SU!US⇑2 + ϖ→2

⇒ m→1 + v→1m→2k2C2 + v→1.

As a consequence, we have that

↽k(!S∈U ) ∈ (m→1 + v→1m→2k2C2 + v→1)→1 > 0.

Now if we consider any size-k subset U , the matrix !Ũ is a principal sub-matrix of !S∈U for some choice of

size-k subset U . Therefore by Cauchy’s eigenvalue interlacing theorem Bhatia [1997],

↽k(!Ũ ) ∈ (m→1 + v→1m→2k2C2 + v→1)→1 > 0.

and we have established that Assumption 2 holds.

Separation: Now we establish both that Assumption 3 holds and that S↘ and S are eventually the same.

Recall that Xϑ = W ϑ•XS + ⇁ for ς ↖↑ S, where for ease of notation, we index the p→k rows of W by elements

of →S. Fix any size-k subset U that is not equal to S, so that there is some i ↑ S that is not in U . To

establish Assumption 3 and that S and S↘ are eventually equal, it will su”ce to argue the following

• If ς ↖↑ S ∋ U then

(!ϑϑ →!ϑU!
→1
U !Uϑ) → (!ϑϑ →!ϑS!

→1
S !Sϑ) ∈ 0.

• If ς ↖↑ S ∋ U and W ϑi ∈ 1, then

(!ϑϑ →!ϑU!
→1
U !Uϑ) → (!ϑϑ →!ϑS!

→1
S !Sϑ) ∈ ◁

where ◁ > 0 is some constant.
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To see why this is su”cient, note that

(
Tr(!→!•U!

→1
U !U•)

)
→
(
Tr(!→!•S!

→1
S !S•)

)

∈

∑

ϑ ≃↔S∈U,W ωi∋w

[
(!ϑϑ →!ϑU!

→1
U !Uϑ) → (!ϑϑ →!ϑS!

→1
S !Sϑ)

]

+
∑

ϑ ≃↔S∈U,W ωi<w

[
(!ϑϑ →!ϑU!

→1
U !Uϑ) → (!ϑϑ →!ϑS!

→1
S !Sϑ)

]

→

∣∣∣∣∣
∑

ϑ↔S∈U

(!ϑϑ →!ϑU!
→1
U !Uϑ) → (!ϑϑ →!ϑS!

→1
S !Sϑ)

∣∣∣∣∣

∈ ◁(Ni → k) → 4kC

∈ ◁ min
j↔[k]

Nj → ◁k → 4kC

∈ ◁cp
1
2+ϱ

→ ◁k → 4kC

where the last inequality holds for large enough n and we have also bounded

∣∣∣∣∣
∑

ϑ↔S∈U

Tr(!ϑϑ →!ϑU!
→1
U !Uϑ) → Tr(!ϑϑ →!ϑS!

→1
S !Sϑ)

∣∣∣∣∣ ⇒
∑

ϑ↔S∈U

2|Tr(!ϑϑ)| ⇒ 4kC.

This bound has no dependence on U , and therefore it holds that for large enough n that

min
U ≃=S

Tr(!→!•U!
→1
U !U•) → Tr(!→!•S!

→1
S !S•) ∈ ◁cp

1
2+ϱ

→ ◁k → 4kC

Since p is growing by assumption, this is su”cient to imply both Assumption 3 and that S is the eventually

the same as the population CSS minimizer S↘.

We devote the rest of the proof to showing the claim. Let L be the Cholesky decomposition of !S , so

! = L
T
L. If we write the population covariance in block matrix form with the subset S as the first block

and the remaining variables as the second block, then it is straightforward to check it admits the following

Cholesky decomposition

! =

[
L

T
L

T
W

T

0 ϖIp→k

]T [
L

T
L

T
W

T

0 ϖIp→k

]

Let v1, . . . , vp ↑ Rp be the columns of this Cholesky decomposition. For a subset T ⇓ [p], denote the span of

{vj : j ↑ T} as Span(T ), the projection of x ↑ Rp onto the span as ProjT (x), and the component of x that

is orthogonal to this subspace as RT (x) = x → ProjT (x). By construction, the columns satisfy vTs vt = !st.

Also they satisfy for ς ↖↑ S that

vϑ = nϑ +
∑

j↔S

W ϑjvj = nϑ + ṽϑ (A.13)

where

1. the nϑ are orthogonal to each other and the subspace Span(S),

2. the nϑ all have norm ⇑nϑ⇑
2
2 = ϖ2,

3. the ṽϑ =


j↔S W ϑjvj are in Span(S).
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It is also easy to confirm that, for a subset T ⇓ [p], the norm ⇑RT (vj)⇑2
2 is exactly the Schur complement

!jj →!jT!
→1
T !Tj . As a consequence, recalling the universal lower bound m > 0 for ↽k(!S), Lemma A.7.2

tells us that

⇑RS→j(vj)⇑
2
2 ∈ ↽k(!S) ∈ m,

where S → j is the subset S with j removed.

Now fix a size-k subset U that is not equal to S. There must be at least some i ↑ S that is not in U .

Considering ς ↖↑ S ∋ U , our goal is to lower bound the di!erence between

!ϑϑ →!ϑU!
→1
U !Uϑ = min

ϖ↔Rk
⇑vϑ →

∑

j↔U

εjvj⇑
2
2,

where for notational simplicity we index the entries of ε by the j ↑ U , and !ϑϑ→!ϑS!
→1
S !Sϑ = ϖ2. We can

rewrite the objective

⇑vϑ →
∑

j↔U

εjvj⇑
2
2

= ⇑ṽϑ →
∑

j↔U△S

εjvj →
∑

j↔U\S

εj ṽj⇑
2
2 + ϖ2 + ϖ2

∑

j↔U\S

ε2
j

= ⇑ProjU△S(ṽϑ) →
∑

j↔U\S

εjProjU△S(ṽj) →
∑

j↔U△S

εjvj⇑
2
2 + ⇑RU△S(ṽϑ) →

∑

j↔U\S

εjRU△S(ṽj)⇑
2
2 + ϖ2 + ϖ2

∑

j↔U\S

ε2
j

We see immediately that !ϑϑ →!ϑU!
→1
U !Uϑ ∈ ϖ2. No matter what values of εj we pick for j ↑ U \ S, the

quantity

ProjU△S(ṽϑ) →
∑

j↔U\S

εjProjU△S(ṽj)

will always been in Span(S), so we will always set εj for j ↑ U \S to make the left-most term equal to zero.

Thus, letting q = |U ∀ S| we are left with

!ϑϑ →!ϑU!
→1
U !Uϑ = argmin

ϖ↔Rq
⇑RU△S(ṽϑ) →

∑

j↔U\S

εjRU△S(ṽj)⇑
2
2 + ϖ2

∑

j↔U\S

ε2
j + ϖ2

The right hand side is a ridge regression problem with a unique solution ε↘ that has a closed form. Let we

let A ↑ Rp↑q be the matrix whose columns are given by the vectors RU△S(ṽi). Because

⇑RU△S(ṽi)⇑
2
2 ⇒ ⇑ṽi⇑

2
2 ⇒ ⇑vi⇑

2
2 ⇒ C (A.14)

We know that the trace and therefore largest eigenvalue of AT
A is at most kC. This implies the largest

singular value of A is at most k1/2C1/2. Let U ↑ Rp↑p be the orthogonal matrix with columns ui, whose

first q columns are the top q left singular vectors of A, [Hastie et al., 2009, Equation 3.47] implies for the



APPENDIX A. SUPPLEMENTARY MATERIAL RELATING TO COLUMN SUBSET SELECTION 109

optimal ε↘ that

⇑RU△S(ṽϑ) →
∑

j↔U\S

ε↘

j RU△S(ṽi)⇑
2
2 =

q∑

i=1


1 →

si(A)2

si(A)2 + ϖ2

2

(uT
i RU△S(ṽϑ))

2 +
p∑

i=q+1

(uT
i RU△S(ṽϑ))

2

∈


1 →

kC

kC + ϖ2

2 p∑

i=1

(uT
i RU△S(ṽϑ))

2

=


1 →

kC

kC + ϖ2

2

⇑RU△S(ṽϑ)⇑
2
2

Now we just need to lower bound ⇑RU△S(ṽϑ)⇑2
2. Recall that i ↑ S but i ↖↑ U . Then we can decompose

RU△S(ṽϑ) = RU△S(
∑

j↔S

W ϑjvj)

=
∑

j↔S\U

W ϑjRU△S(vj)

= W ϑiRS→i(RU△S(vi)) + W ϑiProjS→i(RU△S(vi)) +
∑

j↔S\U,j ≃=i

W ϑjRU△S(vj)

The first vector is orthogonal to Span(S→i), whereas the remaining vectors in the expression live in Span(S→

i). Because Span(U ∀ S) ⇓ Span(S → i), we also have that RS→i(RU△S(vi)) = RS→i(vi), and therefore that

⇑RU△S(ṽϑ)⇑
2
2 ∈ ⇑W ϑiRS→i(RU△S(vi))⇑

2
2

∈ ⇑W ϑiRS→i(vi)⇑
2
2

∈ W
2
ϑim

where we have recalled from above that ⇑RS→i(vi)⇑2
2 ∈ m. If ς is such that |Wϑi| ∈ 1, then putting everything

together gives that

(!ϑϑ →!ϑU!
→1
U !Uϑ) → (!ϑϑ →!ϑS!

→1
S !Sϑ) ∈


1 →

kC

kC + ϖ2

2

12m > 0.

A.7.7 Proof of Theorem 3

The reverse direction is obvious. We show the forward direction. For simplicity we’ll assume X is mean

zero. For the general case apply the same argument to X → µ. Since Z ↑ Rk has covariance Ik, if Z = BX

then B ↑ Rk↑p must be rank k. Plugging Z = BX into our factor model equation, we get that X =

WBX + ⇁, where ⇁ is uncorrelated with BX. By Corollary 9, W = !X,BX!
→1
BX = !B

↗(B!B
↗)→1. Our

expression X = WBX+⇁ follows the definition of regression component decomposition given in [Schönemann

and Steiger, 1976]. Referencing [Schönemann and Steiger, 1976, Equation 2.6] and the discussion following

it, the covariance D of ⇁ has rank exactly p→ k. Since D is diagonal, this means exactly k of its entries are

0. Let S ⇓ [p] be the subset of indices such if i ↑ S then Dii = 0 and thus ⇁i = 0. Then XS = W S•BX.

It clear that since ⇁ is uncorrelated with BX, it must also be uncorrelated with XS . Since XS and BX

have full rank covariances, W S• must be full rank and thus invertible, and we can write BX = W
→1
S•

XS .
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Plugging this into our original factor model we have X→S = W̃XS + ⇁ where W̃ = W→S•W
→1
S•

and XS is

uncorrelated with ⇁.

A.7.8 Proof of Lemma 1

By Lemma A.6.1 the residual R(Y, Z) is given by Y →!Y Z!
+
ZZ. By standard properties of projections

in finite dimensional Hilbert spaces, R(X, XS) = R(R(X, XU ), R(Xi, XU )). We can therefore compute,

!R(X,XS) = !R(R(X,XU ),R(Xi,XU )))

= !R(X,XU ) →!R(X,XU ),R(Xi,XU )!
+
R(Xi,XU )!R(Xi,XU ),R(X,XU )

= !R(X,XU ) → (!R(X,XU ))•i(!R(X,XU ))i•/(!R(X,XU ))ii · I(!R(X,XU ))ii>0.

Where the second equality follows from Theorem 12(iv). Also using Theorem 12(iv) we can compute that

(!R(X,XU ))•i = !•i →!•T!
+
T!T,i.

A.7.9 Proof of Lemma A.2.1

Suppose x(1), . . . , x(n)
↑ Rp are drawn from a distribution satisfying (A.1) for a size-k subset S, k < p,

and population mean µ.

First we show that the quantiles of T (S) from (3.4) are bounded by those of (3.5). We will perform our

analysis conditional on x(1)
S , . . . , x(n)

S (hence, the independence between XS and ⇁ is crucial). Let XS ↑ Rn↑k

and X→S ↑ Rn↑(p→k) be the matrices with rows x(i)
S and x(i)

→S . Defining e(i) = (x(i)
→S → µ→S)→W (x(i)

S → µS)

and ê(i) = (x(i)
→S→µ̂→S)→!̂→S,S!̂

+

S (x(i)
S →µ̂S), let the matrices E, Ê ↑ Rn↑(p→k) have rows e(i) and ê(i). Note

that e(i) are the unique factors ⇁ for the ith sample. Having conditioned on the x(i)
S , we are exactly in the

setting of fixed-X Ordinary Least Squares (OLS). In particular, we are running a multi-response regression

of X→S on XS where the responses are independent. The Ê are the residuals from OLS, while E are the

residuals one would get from using the population regression coe”cients. With this in mind, let H ↑ Rn↑n

be the orthogonal projection matrix onto the span of the columns of XS and 1 ↑ Rn, a n-dimensional vector

of ones. By construction, H has rank r ⇒ k + 1. Therefore,

!̂→S → !̂→S,S!̂
+

S !̂S,→S =
1

n
Ê

↗

Ê

=
1

n
X

↗

→S(In →H)X→S

=
1

n
((XS → 1µ↗

S )W↗ + 1µ↗

→S + E)↗(In →H)((XS → 1µ↗

S )W↗ + 1µ↗

→S + E)

=
1

n
E

↗(In →H)E.

Let N ↑ Rn↑(p→k) and M ↑ R(n→r)↑(p→k) be random matrices with i.i.d N(0, 1) entries and R ↑ Rn↑n

be a rotation such that R
↗(In →H)R is diagonal matrix with 1 on the first n → r diagonal entries and 0
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otherwise. Then we can compute

n log

(
|Diag(E↗(In →H)E)|

|E
↗(In →H)E|

)
= n log

(
|Diag(D→1/2

E
↗(In →H)ED

→1/2)|

|D
→1/2

E
↗(In →H)ED

→1/2
|

)

d
= n log

(
|Diag(N↗(In →H)N |)

|N
↗(In →H)N |

)

d
= n log

(
|Diag(N↗

R
↗(In →H)RN |)

|N
↗
R

↗(In →H)RN |

)

d
= n log

(
|Diag(M↗

M)|

|M
↗
M |

)

d
= n log


|Diag(Wp→k(Ip→k, n → r))|

|Wp→k(Ip→k, n → r)|



d
= n

p→k∑

j=2

log

(
1 +

ϱ̃2
j→1

ϱ2
n→r→j+1

)
.

where Wp→k(Ip→k, n→ r) is a Wishart distribution and {ϱ2
ϑ}, {ϱ̃

2
ϑ} are mutually independent chi-squared

random variables with degrees of freedom specified by their subscript. The final equality in distribution

follows from the Bartlett decomposition of Wisharts [Anderson et al., 1958, Corollary 7.2.1]. For clarity, we

specify that the final distribution is a point mass at zero when k = p → 1.

Recall that these equalities in distribution are conditional. Since r ⇒ k + 1, it is clear that the quantiles

of n
p→k

j=2 log

1 +

χ̃2
j↓1

χ2
n↓k↓j


are always at least as large as those of n

p→k
j=2 log


1 +

χ̃2
j↓1

χ2
n↓r↓j+1


. Since the

conditional quantiles of T (S) are always bounded above by the quantiles of n
p→k

j=2 log

1 +

χ̃2
j↓1

χ2
n↓k↓j


, the

marginal quantiles must be as well.

Now we can easily establish the final claim. Recall that Qn,p,k(1 → ω) is the (1 → ω)-quantile of

n
p→k

j=2 log

1 +

χ̃2
j↓1

χ2
n↓k↓j


. Since Tk ⇒ T (S),

P (Tk > Qn,p,k(1 → ω)) ⇒ P (T (S) > Qn,p,k(1 → ω)) ⇒ ω.

A.7.10 Proof of Lemma A.2.2

First, some preliminaries. Define the function vec(·) that maps a symmetric matrix M ↑ Rq↑q to a vector

m ↑ Rq(q+1)/2 that contains all it’s unique entries. If m = vec(M), then we will index m by mij for i ⇒ j

so that mij = Mij . The inverse map is denoted vec→1(·). We will use the stochastic calculus notation of

[Vaart, 1998, Chapter 2] and also freely refer to results from this chapter.

Suppose we observe x(1), . . . , x(n) drawn from a distribution that satisfies (3.2) for some size-k subset S

where k < p → 1. In the case that k = p → 1, T (S) is a point mass at zero and the result is obvious. Recall

E and H from the proof of Lemma A.2.1 and consider the function g(M) = log(|Diag(M)|) → log(|M |).

Computations in the proof of Lemma A.2.1 imply that T (S) = ng(ET (In →H)E/n), and it thus su”ces to

show that ng(ET (In →H)E/n) ↭ ϱ2
(p→k)(p→k→1)/2. We will show this result in steps.

Step One - CLT for vec(E
T
E/n): Let a = vec(ET

E/n) and ã ↑ Rp(p→1)/2 be only the entries of a

that correspond to the non-diagonal entries of ET
E/n. We index ã as ãij , i < j. The standard multivariate
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CLT tells us that
↓

nã ↭ N(0,V ) where V ↑ Rp(p→1)/2↑p(p→1)/2 is such that V ij,st = DiiDjj if i = s, j = t

and 0 otherwise. Furthermore, by the weak law of large numbers aii →Dii = op(1).

Step Two - Controlling vec(E
T
HE/n): We want to control ET

HE/n, the di!erence between E
T
E/n

and E
T (In → H)E/n. Particularly we want to show that (ET

HE/n)ij = op(n→1/2), i ⇒ j. To do so it

su”ces to show that ⇑E
T
HE⇑

2
F = Op(1). Noting that H is the sum of the outer product of at most k + 1

unit vectors, it su”ces to show that ⇑E
T vvTE⇑

2
F = ⇑E

T v⇑4
2 = Op(1) for an arbitrary sequence of unit

vectors v ↑ Rn. To show this, it su”ces to show that
n

i=1 e(i)
ϑ vi = (ET v)ϑ = Op(1) for all 1 ⇒ ς ⇒ p. But

Var(
n

i=1 e(i)
ϑ vi) = Dϑϑ

n
i=1 v2

i = Dϑϑ and E[
n

i=1 e(i)
ϑ vi] = 0, so this must be the case by Chebyshev.

Step Three - CLT for vec(E
T
(In → H)E/n): Let aH = vec(ET (In →H)E/n) and ãH ↑ Rp(p→1)/2

be only the entries of a that correspond to the non-diagonal entries of ET (In →H)E/n. Step Two implies

that
↓

n(ã → ãH) = op(1), so
↓

nãH ↭ N(0,V ) by Slutsky’s lemma and Step One, where V is as in Step

One. Furthermore, since aii → (aH)ii = op(1), we also have (aH)ii → Dii = op(1) by Slutsky’s.

Step Four - Delta Method for g(E
T
(In → H)E/n): Define the function f : Rq(q+1)/2

↘ R by

f(m) = g(vec→1(m)). We will consider the domain of f to be the open set of m such that vec→1(m) is a

positive definite matrix. On this domain f is C⇐. We will take a second order Taylor expansion of the

function f around an d ↑ R(p→k)(p→k+1)/2 such that vec→1(d) = D. Note then dij = 0 for i < j. We can

compute the first and second order partial derivatives of f using [Petersen and Pedersen, 2008, Section 2]:

3f(m)

3mij
=





→2(vec→1(m))→1

ij i ↖= j

m→1
ii → (vec→1(m))→1

ii i = j,

32f(m)

3mij3mst
=






2((vec→1(m))→1
is (vec→1(m))→1

jt + (vec→1(m))→1
it (vec→1(m))→1)js i ↖= j, s ↖= t

2(vec→1(m))→1
is (vec→1(m))→1

js i ↖= j, s = t

((vec→1(m))→1
is )2 → m→2

ii Ii=s i = j, s = t.

By repeated application of [Petersen and Pedersen, 2008, 9.1.2], it’s clear that f ∈ 0 on its domain. Further

f(d) = 0. In line with this, all the first order partial derivatives of f are zero at d. Many of the second order

partial derivatives are also zero. Taylor’s theorem gives the following expansion of f around d:

f(m) =
∑

i<j

D
→1
ii D

→1
jj m2

ij

+
∑

i1⇔j1,i2⇔j2,i3⇔j3

ci1j1i2j2i3j3
3f3(d + t(m → d))

3mi1j13mi2j23mi3j3

(mi1j1 → di1j1)(mi2j2 → di2j2)(mi3j3 → di3j3).

for some t ↑ [0, 1] and constants ci1j1i2j2i3j3 . It is then clear that

ng(ET (In →H)E/n) = nf(vec(ET (I →H)E/n)) =
∑

i<j

D
→1
ii D

→1
jj (

↓
n(aH)ij)

2 + op(1),
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and by continuous mapping theorem ng(ET (In →H)E/n) ↭ ϱ2
(p→k)(p→k→1)/2.

A.7.11 Proof of Lemma A.2.3

The case that k = p → 1 is obvious, so we consider k < p → 1 without loss of generality.

First we will argue that the Qn,p,k(1 → ω), the (1 → ω)-quantile of (3.5), converges to Qp,k(1 → ω), the

(1 → ω)-quantile of a ϱ2
(p→k)(p→k→1)/2 distribution as the number of samples n tends to infinty. Consider

observing x(1), . . . , x(n) samples drawn from a distribution that satisfies (3.2) for a size-k subset S, and

suppose the principal variable distribution F admits a density. Following the proof of Lemma A.2.1, we

see that T (S) will have distribution exactly (3.5) since !̂S will be full-rank with probability one. But

Lemma A.2.2 tells us that T (S) ↭ ϱ2
(p→k)(p→k→1)/2. This implies that Qn,p,k(1→ ω) tends to Qp,k(1→ ω) as

n ↘ 0.

Now, by Slutsky’s and Lemma A.2.2 we know that T (S)→Qn,p,k(1→ω) ↭ ϱ2
(p→k)(p→k→1)/2→Qp,k(1→ω).

Since 0 is a continuity point of ϱ2
(p→k)(p→k→1)/2 → Qp,k(1 → ω) we have that

lim sup
n⇑⇐

P (Tk → Qn,p,k(1 → ω) > 0) ⇒ lim sup
n⇑⇐

P (T (S) → Qn,p,k(1 → ω) > 0)

= P (ϱ2
(p→k)(p→k→1)/2 → Qp,k(1 → ω) > 0)

= ω.

A.7.12 Proof of Theorem 4

First we show the asymptotic result. Consider a sample x(1), . . . , x(n) from a distribution P and suppose

that k↘ is the smallest k for which P belongs to the subset factor model (3.2). Note that every distribution

belongs to the (k → 1)-dimensional factor model so k↘
⇒ k + 1. Recall that k̂ is the smallest k for which

Tk ⇒ Qn,p,k(1 → ω). Then, using Lemma A.2.3,

lim sup
n⇑⇐

P (k̂ > k↘) ⇒ lim sup
n⇑⇐

P (Tk↗ > Qn,p,k↗(1 → ω)) ⇒ ω

Now, for the finite sample result. Let k↘ be the smallest k for which P satisfies the model (A.1) for some

size-k subset S, and take k̂ as before. It is now possible that k↘ = p, but P (k̂ > k) = 0 if so. Thus, without

loss of generality, we can suppose that k↘ < p. Then, from lemma A.2.1

P (k̂ > k↘) ⇒ P (Tk↗ > Qn,p,k↗(1 → ω)) ⇒ ω.

A.7.13 Proof of Lemma A.2.4

First we show that a distribution P satisfies (A.3) with a size-k set S if and only if, for the population

covariance !, !→S →!→S,S!
+
S!S,→S is diagonal and positive definite. First we show the forward direction.

We know that X→S → µ→S = W (XS → µS) + ⇁ where Cov(XS , ⇁) = 0. Then Corollary 9 tells us that

X→S → µ→S = !→S,S!
+
S (XS → µS) + ⇁. Via this, we can compute that !S = !→S,S!

+
S!S,→S + D where

D ∝ 0 so !S →!→S,S!
+
S!S,→S is diagonal and positive definite. For the reverse direction Corollary 9 tells

us that X→S → µ→S = !→S,S!
+
S (XS → µS) + ⇁ where Cov(XS , ⇁) = 0. A simple computation shows that ⇁

must have diagonal, positive definite covariance and thus the distribution satisfies (A.3) with a size-k set S .
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Now, consider n > p samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (A.3) for

some size-k set S and suppose that P has population covariance ! such that !S ∝ 0. Then it must be the

case that ! ∝ 0. Thus, for every size-k subset U , |!→U →!→U,U!
+
U!U,→U | > 0. Since !̂ converges almost

surely to ! as n ↘ ≃, we have that, for every size-k subset U ,

log

(
|Diag(!̂→U → !̂→U,U !̂

+

U !̂U,→U )|

|!̂→U → !̂→U,U !̂
+

U !̂U,→U |

)
(A.15)

converges almost surely to

log


|Diag(!→U →!→U,U!

→1
U !U,→U )|

|!→U →!→U,U!
→1
U !U,→U |


(A.16)

As a consequence of [Petersen and Pedersen, 2008, 9.1.2], (A.16) is zero if and only if !→U→!→U,U!
→1
U !U,→U

is diagonal and otherwise it is strictly greater than zero. Thus, By the discussion above, it is zero when P

satisfies (A.3) with U , and otherwise it is strictly greater than zero. Since Ŝ minimizes T (U) it must also

minimize (A.15). And since (A.15) converges almost surely to (A.16), eventually Ŝ will be one of the U for

which (A.16) is zero, meaning P will eventually satisfy (A.3) with Ŝ.

A.7.14 Proof of Lemma A.2.5

We adopt the notation from the proof of lemma A.2.1. Similarly we perform our analysis conditional on

the x(i). Recall that

!̂→S → !̂→S,S!̂
+

S !̂S,→S =
1

n
E

↗(In →H)E.

Since we have assumed that F has a density, we know that rank(H) = k+1. We can then similarly compute

T (S) = n log

(
(Tr(ET (In →H)E)/(p → k))p→k

|E
T (In →H)E|

)

= n log

(
(Tr(ϖ→1

E
T (In →H)Eϖ→1)/(p → k))p→k

|ϖ→1E
T (In →H)Eϖ→1|

)

d
= n log


(Tr(Wp→k(Ip→k, n → k → 1))/(p → k))p→k

|Wp→k(Ip→k, n → k → 1)|



d
= n log




(

ϱ̃2
(p→k)(p→k→1)/2 +

p→k
j=1 ϱ2

n→k→j

p → k

)p→k 


p→k

j=1

ϱ2
n→k→j









where Wp→k(Ip→k, n→r) is a Wishart distribution, {ϱ2
ϑ}, {ϱ̃

2
ϑ} are mutually independent chi-squared random

variables with degrees of freedom specified by their subscript, and again the final equality in distribution

follows from the Bartlett decomposition of Wisharts [Anderson et al., 1958, Corollary 7.2.1]. Although these

equalities in distribution are conditional, since the final distribution does not depend on the x(i), it also

holds marginally. Note that the distribution is a point mass at zero when k = p → 1.



APPENDIX A. SUPPLEMENTARY MATERIAL RELATING TO COLUMN SUBSET SELECTION 115

Now we can easily establish the final claim. Recall that Qn,p,k(1 → ω) is the (1 → ω)-quantile of

n log




(

ϱ̃2
(p→k)(p→k→1)/2 +

p→k
j=1 ϱ2

n→k→j

p → k

)p→k 


p→k

j=1

ϱ2
n→k→j









Since Tk ⇒ T (S),

P ( Tk > Qn,p,k(1 → ω)) ⇒ P ( T (S) > Qn,p,k(1 → ω)) ⇒ ω.

A.7.15 Proof of Proposition A.2.1

Let k↘ be the smallest k for which P satisfies the model (A.1) for some size-k subset S, and recall that

k̂ is the smallest k for which Tk ⇒ Qn,p,k(1 → ω). It is possible that k↘ = p, but then P (k̂ > k) = 0 if so.

Thus, without loss of generality, we can suppose that k↘ < p. Then, from lemma A.2.5,

P (k̂ > k↘) ⇒ P ( Tk↗ > Qn,p,k↗(1 → ω)) ⇒ ω.

A.7.16 Proof of Lemma A.2.6

First we claim that a distribution P satisfies (A.6) with a size-k set S if and only if, for the population

covariance !, !→S → !→S,S!
+
S!S,→S is isotropic, i.e., equal to 1Ip→k for some 1 > 0. The argument is

identical to that in the proof of Lemma A.2.4.

Now, consider n > p samples x(1), . . . , x(n)
↑ Rp drawn from a distribution P that satisfies (A.6) for

some size-k subset S. Further suppose that, at the population level no set of k variables perfectly linearly

reconstruct the rest. This implies that Tr(!→U → !→U,U!
+
U!U,→U ) is never zero for any size-k subset U .

Then, since !̂ converges almost surely to ! as n ↘ ≃, we can guarantee that

log

(
(Tr(!̂→U → !̂→U,U !̂

+

U !̂U,→U )/(p → k))(p→k)

|!̂→U → !̂→U,U !̂
+

U !̂U,→U |

)
(A.17)

converges almost surely to

log


(Tr(!→U →!→U,U!

+
U!U,→U )/(p → k))(p→k)

|!→U →!→U,U!
+
U!U,→U |


(A.18)

We claim that (A.18) is zero if and only if !→U →!→U,U!
+
U!U,→U is of the form 1Ip→k. To see this note

that (A.18) is (resp. strictly) larger than zero if and only if

Tr(!→U →!→U,U!
+
U!U,→U )/(p → k)

|!→U →!→U,U!
+
U!U,→U |

1/(p→k)
(A.19)

is (resp. strictly) larger than one. But (A.19) is always larger than or equal to one because it is the ratio of

the arithmetic mean to the geometric mean of the eigenvalues of !→U →!→U,U!
+
U!U,→U . Equality is only

attained when all the eigenvalues are equal, i.e., when !→U →!→U,U!
+
U!U,→U is of the form 1Ip→k, which

completes the claim.

By the discussion above, this quantity will be zero when P satisfies (A.6) with U , and otherwise it will be
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strictly greater than zero. Since S minimizes T (U), eventually it will be one of the U for which this quantity

is zero, and thus eventually P will satisfy (A.3) with S.

A.7.17 Correctness of subset search algorithms

We provide computations which justify the correctness algorithms in Section 2.3.1 as well as Appendix A.3.

Minimizing T (·): [Petersen and Pedersen, 2008, 9.1.2] and Lemma 1 jointly tell us that log |!U+i| =

log |!̂U | + log((!̂R(X,XU ))ii). Using Lemma 1, we can compute

log |!̂U+i| + Tr(log(Diag(!̂R(X↓(U+i),XU+i))))

= log |!̂U | + log((!̂R(X,XU ))ii) + Tr(log(Diag((!̂R(X,XU+i))→(U+i))))

= log |!̂U | + log((!̂R(X,XU ))ii)

+ Tr(log(Diag((!̂R(X,XU ) → (!̂R(X,XU ))•i(!̂R(X,XU ))i•/(!̂R(X,XU ))ii · I(!̂R(X,XU ))ii>0)→(U+i))))

= log |!̂U | + log((!̂R(X,XU ))ii) +
∑

j ≃↔U+i

log((!̂R(X,XU ))jj → (!̂R(X,XU ))
2
ij/(!̂R(X,XU ))ii · I(!̂R(X,XU ))ii>0)

which is su”cient to imply that the i ↖↑ U we select minimizes the objective over subsets U + i.

Minimizing T (·): Following similar reasoning to above, we can compute

log |!U+i| + (p → k) log(Tr(!R(X↓(U+i),XU+i))/(p → k))

= log |!U | + log((!R(X,XU ))ii) + (p → k) log(Tr(!R(X,XU+i))) → (p → k) log(p → k)

= log |!U | + log((!R(X,XU ))ii)

+ (p → k) log(Tr(!R(X,XU ) → (!R(X,XU ))•i(!R(X,XU ))i•/(!R(X,XU ))ii · I(!R(X,XU ))ii>0)) → (p → k) log(p → k)

= log |!U | + log((!R(X,XU ))ii) + (p → k) log(Tr(!R(X,XU )) → ⇑(!R(X,XU ))•i⇑
2
2/(!R(X,XU ))ii · I(!R(X,XU ))ii>0)

→ (p → k) log(p → k)

which is su”cient to imply that the i ↖↑ U we select minimizes the objective over subsets U + i.

McCabe’s first criterion: If there exists a k by k principal sub-matrix of ! that is full rank then minimiz-

ing |!→S →!→S,S!
+
S!S,→S | is equivalent to maximizing |!S |. Consider having a currently selected subset

U . We know from above that |!U+i| = |!U | · (!R(X,U))ii. This is su”cient to imply that the i ↖↑ U we

select minimizes the objective over subsets U + i.

McCabe’s second criterion: Consider having currently selected a subset U . For i ↖↑ U let ε =

(!R(X,XU ))•i. Then from Lemma 1:

Tr(!R(X,XU+i)) = Tr(!R(X,XU ) →
εε↗

εi
· Iϖi>0)

= Tr(!R(X,XU )) →
||ε||22
εi

· Iϖi>0
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which is su”cient to imply that the i ↖↑ U we select minimizes the objective over subsets U + i.

McCabe’s third criterion: Consider having currently selected a subset U . For i ↖↑ U let ε = (!R(X,XU ))•i.

Then from Lemma 1:

⇑!R(X,XU+i)⇑
2
F = ⇑!R(X,XU ) →

εε↗

εi
· Iϖi>0⇑

2
F

= Tr((!R(X,XU ) →
εε↗

εi
· Iϖi>0)

↗(!R(X,XU ) →
εε↗

εi
· Iϖi>0))

= ⇑!R(X,XU )⇑
2
F +

[
⇑ε⇑4

2

ε2
i

→
2ε↗

!R(X,XU )ε

εi

]
· Iϖi>0

which is su”cient to imply that the i ↖↑ U we select minimizes the objective over subsets U + i.

McCabe’s fourth criterion: McCabe’s fourth criterion suggests finding a subset S that maximizes

Tr(!+
S!S,→S!

+
→S!→S,S).

We briefly justify that our generalized objective has the same interpretation. Fix a subset S. It is well

known that Tr(!+
S!S,→S!

+
→S!→S,S) is the sum of the squared canonical correlations when ! ∝ 0 [McCabe,

1984]. When ! is singular, suppose that the ranks of !S and !→S are r1 and r2 respectively. Then let Q1

and Q2 be rotations so that the last k→r1 and p→k→r2 entries of Q1XS and Q2X→S are zero. Let Y1 ↑ Rr1

and Y2 ↑ Rr2 be the first r1 and r2 entries of XS and X→S . By the definition of canonical correlations, the

sum of the squared canonical correlations between XS and X→S and Y1 and Y2 are the same, and it is easy

to verify that Tr(!→1
Y1

!Y1,Y2!
→1
Y2

!Y2,Y1) is equal to Tr(!+
S!S,→S!

+
→S!→S,S).

Now, we compute that

Tr(!+
S!S,→S!

+
→S!→S,S) = Tr(!+

S (!S →!R(XS ,X↓S))) = rank(!S) → Tr(!+
S!R(XS ,X↓S))

Consider having currently selected a subset U . Take a fixed i ↖↑ U and let V = U + i. Take j, h to be

as described in the presentation of the modified algorithm. !V will have rank larger than !U by one if

feature i cannot be exactly reconstructed by the features in U and the same rank as !U otherwise. So,

rank(!V ) = rank(!U ) + I(!R(X↓U,XU ))hh>0. Taking ε̃ = !•i →!•,→V !
+
→V !→V,i, we know from Lemma 1

that

!R(X,X↓V ) = !R(X,X↓U)) +
ε̃ε̃↗

ε̃i

· Iϖ̃i>0

From this, defining ε = ε̃V , and recalling that εj = ε̃i, we have

!R(XV ,X↓V ) = !R(XV ,X↓U)
+

εε↗

εj
· Iϖj>0

Since i ↑ →U , the jth row and column of !R(XV ,X↓U)) are zeros. Putting everything together

rank(!V ) → Tr(!+
V !R(XV ,X↓V ))

= rank(!U ) + I(!R(X↓U,XU ))hh>0 → Tr((!+
V )→j,→j!R(XU ,X↓U))) →

ε↗
!

+
V ε

εj
· Iϖj>0
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which is su”cient to imply that the i ↖↑ U we select minimizes the objective over subsets U + i.

Now we consider the case where ! ∝ 0. First, !
+
S = !

→1
S so our objective simplifies to minimizing

Tr(!→1
S !R(XS ,X↓S)). In this setting, [Khan, 2008] tells us that !→1

→V = (!→1
→U )→h,→h→(!→U )→h,h(!→U )h,→h/(!→U )hh.

Consider ε from before. Since ! ∝ 0, εj > 0, so !R(XV ,X↓V ) = !R(XV ,X↓U)) + εε↗/εj . Also from [Khan,

2008], letting ω = !
→1
U !Ui, ⇀ = !ii →!iUω, we know that (!→1

V )→j,→j = !
→1
U → ωω↗/⇀, (!→1

V )→j,j = →ω/⇀

and (!→1
V )j,j = 1/⇀. Again, recalling that the jth row and column of !R(XV ,X↓U)) are zeros because i ↑ →U

we can compute

Tr(!→1
V !R(XV ,X↓V )) = Tr((!→1

U → ωω↗/⇀)(!R(XU ,X↓U ) + ε→jε
↗

→j/εj) → ωε↗

→j/⇀) → ω↗ε→j/⇀ + εj/⇀)

= Tr(!→1
U !R(XU ,X↓U )) +

εT
→j!

→1
U ε→j

εj
→

(ωTε→j)2

⇀εj
→

ω↗
!R(XU ,X↓U )ω + 2ω↗ε→j → εj

⇀

which is su”cient to imply that the i ↖↑ U we select minimizes the objective over subsets U + i.

A.7.18 Proof of Proposition A.5.1

Fixing a size-k subset U and some variable i ↖↑ U we show finite sample L2 norm concentration for the

coe”cients !̂iU !̂
+

U from the regression of Xi on XU . The rest of the result then follows trivially from a

union bound. We will use the same notation as in Appendix A.4 and refer to results from there as well. The

one di!erence is that the ci represent positive constants that are independent of n, p, and also k.

First we re-configure

⇑!̂
+

U !̂Ui →!
+
U!Ui⇑2 = ⇑!̂

+

U !̂Ui →!
+
U !̂Ui + !

+
U !̂Ui →!

+
U!Ui⇑2

⇒ ⇑!̂
+

U →!
+
U⇑2⇑!̂Ui⇑2 + ⇑!̂Ui →!Ui⇑2⇑!

+
U⇑2

⇒ ⇑!̂Ui →!Ui⇑2⇑!̂
+

U →!
+
U⇑2 + ⇑!Ui⇑2⇑!̂

+

U →!
+
U⇑2 + ⇑!̂Ui →!Ui⇑2⇑!

+
U⇑2

⇒ ⇑!̂Ui →!Ui⇑2⇑!̂
+

U →!
+
U⇑2 + B⇑!̂

+

U →!
+
U⇑2 + c1⇑!̂Ui →!Ui⇑2

where in the last line we have used Assumption 5 to bound ⇑!
+
U⇑2 = ⇑!

→1
U ⇑2 and bounded ⇑!Ui⇑2 by

B = maxj↔→U ⇑!Uj⇑2. Fixing t ↑ (0, 1), it su”ces to get tail bounds for two things:

Tail bound for ⇑!̂iU →!iU⇑2 : Because of Assumption 4 we can apply our sub-exponential concen-

tration result (A.8) and get a tail bound for ⇑!̂iU →!iU⇑2.

P (⇑!̂iU →!iU⇑2 > t) = P (
∑

j↔U

(!̂ij →!ij)
2 > t2)

⇒

∑

j↔U

P ( ˆ|!ij →!ij | > t/k1/2) (union bound)

⇒ k exp(→c2 min(t/k1/2, t2/k)n) (sub-exponential concentration)

⇒ k exp


→c2t2n

k


(t < 1)

Tail bound for ⇑!̂
+

U →!
+
U⇑2 : To get concentration for ⇑!̂

+

U →!
+
U⇑2 we note that, on the event that
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!̂
+

U is invertible, we can use Assumption 2 to see that

⇑!̂
+

U →!
+
U⇑2 = ⇑!̂

→1

U →!
→1
U ⇑2

= ⇑!
→1/2
U (!1/2

U !̂
→1

U !
1/2
U → Ik)!

→1/2
U ⇑

⇒ ⇑!
→1
U ⇑2⇑!

1/2
U !̂

→1

U !
1/2
U → Ik⇑2

⇒ c3⇑!
1/2
U !̂

→1

U !
1/2
U → Ik⇑2

= c3 max
j↔[k]

|s→2
j (n→1/2

X•U!
→1/2
U ) → 1|

We recall the concentration result [Vershynin, 2018, Theorem 4.6.1]. Let M be the sub-Gaussian norm of

XU . Then for any x ∈ 0

P (max
j↔[k]

|si(X•U!
→1/2
U ) → n1/2

| > cM2(k1/2 + x)) ⇒ 2 exp(→x2),

which means more generally for any x that

P (max
j↔[k]

|si(X•U!
→1/2
U ) → n1/2

| > x) ⇒ 2 exp(→(x/(cM2) → k1/2)2+),

Fix some c4 > 0. Then we can apply this result to see that

P (⇑!̂
+

U →!
+
U⇑2 > t)

⇒ P


⇑!̂

+

U →!
+
U⇑2 > t, max

i↔[k]
|sj(n

→1/2
X•U!

→1/2
U ) → 1| < c4



+ P


max
j↔[k]

|sj(n
→1/2

X•U!
→1/2
U ) → 1| ∈ c4



⇒ P


max
i↔[k]

|s→2
j (n→1/2

X•U!
→1/2
U ) → 1| > c5t, max

i↔[k]
|sj(n

→1/2
X•U!

→1/2
U ) → 1| < c4



+ P


max
j↔[k]

|sj(n
→1/2

X•U!
→1/2
U ) → 1| ∈ c4



(!̂U is invertible on the event)

⇒ P


max
j↔[k]

|si(n
→1/2

X•U!
→1/2
U ) → 1| > c6t, max

j↔[k]
|si(n

→1/2
X•U!

→1/2
U ) → 1| < c4



+ P


max
j↔[k]

|si(n
→1/2

X•U!
→1/2
U ) → 1| ∈ c4



(Lemma A.4.1 with a = c4)

⇒ P


max
j↔[k]

|si(X•U!
→1/2
U ) → n1/2

| > c6n
1/2t


+ P


max
j↔[k]

|si(X•U!
→1/2
U ) → n1/2

| ∈ c4n
1/2



⇒ 2 exp(→(c6n
1/2t/(cM2) → k1/2)2+) + 2 exp(→(c4n

1/2/(cM2) → k1/2)2+)

(above singular value concentration)

⇒ 4 exp(→(c7n
1/2t/M2

→ k1/2)2+) (t < 1)



APPENDIX A. SUPPLEMENTARY MATERIAL RELATING TO COLUMN SUBSET SELECTION 120

Putting everything together, we can use a union bound to see that

P (⇑!̂iU !̂
+

U →!iU!
+
U⇑2 > t)

⇒ P (⇑!̂iU →!iU⇑2 >
t1/2
↓

3
) + P (⇑!̂

+

U →!
+
U⇑2 >

t1/2
↓

3
)

+ P (⇑!̂
+

U →!
+
U⇑2 >

t

3B
) + P (⇑!̂iU →!iU⇑2 >

t

3c1
)

⇒ 2P (⇑!̂
+

U →!
+
U⇑2 > c9t/ max(B, 1)) + 2P (⇑!̂iU →!iU⇑2 > c10t)

= 8 exp(→(c11n
1/2t/(max(BM2, M2)) → k1/2)2+) + 2k exp


→(c12n

1/2t/k1/2)2


= 8 exp(→k(c11n
1/2t/(k1/2 max(BM2, M2)) → 1)2+) + 2k exp


→(c12n

1/2t/k1/2
→ 1)2+



⇒ c13k exp(→(c14n
1/2t/(k1/2 max(BM2, M2, 1)) → 1)2+)

= c13k exp

(
→


c14tn1/2

k1/2 max(BM2, M2, 1)
→ 1

2

+

)

Since the final bound has no dependence on i, we have by a union bound over i ↖↑ U that

P (⇑!̂•U !̂
+

U →!•U!
+
U⇑2⇑⇐ > t) ⇒ c13pk exp

(
→


c14tn1/2

k1/2 max(BM2, M2, 1)
→ 1

2

+

)

Since one can easily show using Assumption 4 that B ⇒ c14

↓
k and M ⇒ c15

↓
k, we also have the bound

P (⇑!̂•U !̂
+

U →!•U!
+
U⇑2⇑⇐ > t) ⇒ c13pk exp

(
→


c16tn1/2

k2
→ 1

2

+

)
,

where the right hand side has no dependence on the subset U . By union bounding over all subsets U , we get

P ( max
U↓[p]:|U |=k

⇑!̂•U !̂
+

U →!•U!
+
U⇑2⇑⇐ > t) ⇒ c13p

k+1k exp

(
→


c16tn1/2

k2
→ 1

2

+

)
.

A.7.19 Proofs of finding best subset

We give proofs that our greedy (Algorithm 1) and swapping (Algorithm 2) algorithms find the best

subset in certain settings. Our language suggests that there is one best subset, but all the arguments hold

if multiple subsets are tied for having the lowest CSS objective value.

Diagonal covariance

If ! is a diagonal matrix, then the CSS objective for a subset S is simply


j ≃↔S !jj . It is clear this is

minimized when S is the set of variables with the largest variances.

Greedy: Lemma 1 implies that our greedy algorithm will select the remaining variable with highest variance

on each iteration.
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Swapping: Lemma 1 implies that our swapping algorithm can always improve the objective by swapping

out a variable in the selected set that does not have one of the top k variances for one that does.

Perfect reconstruction

If ! is such that there exists a set of k variables that perfectly linearly reconstruct the remaining, then

all the variables are in the span of these k variables. This means all the variables live in a q-dimensional

linear subspace where q ⇒ k.

Greedy: On the i-th iteration of our greedy algorithm, if the dimension of the subspace spanned by the

previous selections is < q, then there must be at least one remaining variable that is not yet perfectly linearly

reconstructed by our selections so far (otherwise the variables would live in a linear subspace of dimension

< q). By Lemma 1 our greedy algorithm will select one such variable on the ith iteration, and therefore the

dimension of the subspace spanned by our selections must increase by one (because we’ve added something

linearly independent to our currently selected subset). Thus, by the end of the kth iteration we must have

selected a subset that spans a q-dimensional subspace. Our selected variables must necessarily act as a basis

of the q-dimensional subspace that all the variables live in, and the greedy algorithm will thus achieve an

objective value of zero.

Swapping: For our swapping algorithm, if there is a size-k subset S that spans a subspace of dimension

< q ⇒ k, then there must be (1) a variable j1 in that size-k subset that is perfectly linearly reconstructed

by the remaining k → 1 variables and (2) some variable j2 not in the subset that we cannot perfectly

linearly reconstruct with variables in the subset (otherwise all our variables would live in a < q dimensional

subspace). Lemma 1 tells us that swapping variable j1 out of S and j2 into S improves the CSS objective.

It also increases the dimension of the subspace spanned by the variables in S by one. Thus, our swapping

algorithm will swap variables out until the dimension of the subspace spanned by variables in the selected

subset is q, and by the same reasoning as for our greedy algorithm, the swapping algorithm will eventually

achieve a CSS objective of zero.

Block diagonal

If ! is a block diagonal correlation matrix with blocks Mi ↑ Rq↑q, and each block has a row/column with

square L2 norm > q/2, then the best subset is one that consists of the variable from each block that has the

largest row/column norm in the block. To see why, consider a subset S that does not have a representative

from each block. In particular, it must be missing a representative from some block Mi1 and have at least

two representatives from some block Mi2 . If we remove all the representatives from block Mi2 then Lemma 1

tells us that the CSS objective can increase by at most q (because only q unit variance variables are in the

block, and those variables are independent of all the variables in the other blocks). If we then add back in

the two variables with largest row/column norm from block Mi1 and Mi2 then Lemma 1 tells us that the

CSS objective will decrease by strictly more than q. This new subset has less variables than our original

subset and a lower CSS objective. Thus, the best subset must have exactly one representative from each

block. Lemma 1 implies it should be the variable with the largest row/column norm from each block.
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Greedy: We can prove the greedy algorithm finds the optimal subset by induction. On the first iteration,

it is trivially true that the greedy algorithm will select a variable from a block it hasn’t selected from yet.

Lemma 1 tells us that, for whatever block it selects from, it will select the variable with largest row/column

norm. Suppose now that up to the (i→ 1)st iteration, our greedy algorithm has never selected two variables

from the same block and has always has selected the variable in each block with the largest row/column

norm. Then on the ith iteration, if the greedy algorithm selects a variable from a new block with largest

row/column norm, Lemma 1 tells us that it will reduce the CSS objective by strictly more than q/2. If it

selects a variable from a block it has previously selected from however, it can reduce the CSS objective by

only strictly less than q/2, because a variable can only further reduce the reconstruction error for variables

in its own block, and Lemma 1 tells us that the cumulative reconstruction error for a block that already has

a selected representative is strictly less than q/2. Thus on the ith iteration our greedy algorithm will select a

variable from a new block, and Lemma 1 guarantees that it will select a variable that has largest row/column

norm in said block. This is su”cient to imply that the greedy algorithm will find the best subset.



Appendix B

Supplementary material relating to

selective inference

B.1 Permutation test p-value

The randomized permutation test from Proposition 3 of Hemerik and Goeman [2018] uses the p-value

p =
#{1 ⇒ j ⇒ w : T (gj(X)) > T (X)}

w
+ Uaux

#{1 ⇒ j ⇒ w : T (gj(X)) = T (X)}

w
,

where Uaux ⇐ Unif([0, 1]) adds auxiliary randomness that is independent of X.

B.2 F -test p-value

For the matrix X ↑ Rn↑d, let Xq ↑ Rn↑q denote the matrix that just contains the first q columns of X.

Then define

RSSf = ⇑Y →X(X↗
X)→1

X
↗Y ⇑

2
2

RSSr = ⇑Y →Xq(X
↗

q Xq)
→1

X
↗

q Y ⇑
2
2

Under the null H0 : εq+1 = · · · = εd = 0, the F statistic

F =
(RSSr → RSSf )/(p → q)

RSSf/(n → p → 1)

has an exact Fd→q,n→q→1 distribution conditional on X. Let G denote the CDF of the Fd→q,n→q→1 distribution.

Under H0, the p-value p = 1 → G(p) for this test has an exact Unif([0, 1]) distribution conditional on X.

B.3 Selective dominance and independence

Consider a p-value p for the null H0 which is selectively dominant. Suppose that under PH0 the p-value

p is always independent of some random variable Z. We show that p is then selectively dominant given Z.

123
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Fix a distribution P in the null H0 and let f(x) be PDF of p. Considering a selection function s(x) such

that
∫ 1
0 s(x)f(x) > 0, we have that

∫ t
0 s(x)f(x)dx

∫ 1
0 s(x)f(x)dx

⇒

∫ t
0 s(x)dx

∫ 1
0 s(x)dx

for all t ↑ [0, 1]

from the selective dominance (4.3) of p.

Now, consider a new selection function s(x, z). Note that due to independence, f(x) is still the conditional

PDF of p given Z = z. For any z such that
∫ 1
0 s(x, z)f(x) > 0, it follows from above that

∫ t
0 s(x, z)f(x)dx

∫ 1
0 s(x, z)f(x)dx

⇒

∫ t
0 s(x, z)dx

∫ 1
0 s(x, z)dx

for all t ↑ [0, 1]

If under s(x, z), we have P (S = 1) = 0, then the selective dominance condition (4.3) trivially holds. On the

other hand, if P (S = 1) > 0, then we have shown in Appendix B.19.1 that
∫ 1
0 s(x, Z)f(x) > 0 a.e. under

P (·|S = 1). Thus the above guarantees that a.e. under P (·|S = 1),

∫ t
0 s(x, Z)f(x)dx

∫ 1
0 s(x, Z)f(x)dx

⇒

∫ t
0 s(x, Z)dx

∫ 1
0 s(x, Z)dx

for all t ↑ [0, 1].

By arguments from Appendix B.19.1, the left-hand side is equal to the left-hand side of (4.3) a.e. under

P (·|S = 1), and the right-hand side equals the right-hand side of (4.3) a.e. under P (·|S = 1), so we have

established the claim.

B.4 Data carving for the file-drawer problem

We have two data samples X1 ⇐ N(µ, 2) and X2 ⇐ N(µ, 2) that are independent and want to test

H0 : µ ⇒ 0. Suppose we only do inference because we observed that X1 > t for some threshold t. If we

consider the p-value pfull = 1 → #((X1 + X2)/2), then our selection function is given by

s(x) = P (X1 > t|pfull = x)

= P (X1 > t|
X1 + X2

2
= #→1(1 → x))

= 1 → #(t → #→1(1 → x))

where we have used that [
X1

X1+X2
2

]
⇐ N

([
µ

µ

]
,

[
2 1

1 1

])

so

X1|
X1 + X2

2
= y ⇐ N(y, 1)
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Thus our corrected p-value is given by

pcarve =

∫ pfull

0 1 → #(t → #→1(1 → x))dx
∫ 1
0 1 → #(t → #→1(1 → x))dx

pcarve =

∫
⇐

X̄ ▷(z)(1 → #(t → z))dz
∫
⇐

→⇐
▷(z)(1 → #(t → z))dz

=

∫
⇐

X̄ ▷(z)(1 → #(t → z))dz

1 → #(t/
↓

2)

We now show that pcarve is monotone non-decreasing in t. Letting Z and Y be independent standard

normal random variables and fixing some constant a, the selective p-value is given by

pcarve =
P (Z + Y > t, Z > a)

P (Z + Y > t)
= P (Z > a|Z + Y > t)

for a = X̄. Letting W = Z + Y we can write Z = 1
2W + ⇁ where ⇁ is independent of W . This gives us

pcarve = P (
1

2
W + ⇁ > a|W > t) = E[P (W > 2(a → ⇁)|W > t, ⇁)|W > t] = E[P (W > 2(a → ⇁)|W > t, ⇁)]

Then the fact that pcarve is monotone non-decreasing in t follows from the fact that P (W > c|W > t) is

monotone non-decreasing in t for every constant c:

P (W > c|W > t) =






P (W>c)
P (W>t) if t ⇒ c,

1 if t > c.

B.5 More info on data splitting, carving, fission, and thinning

Crucially, in Example 10, the conditional distribution of the random variable X1 used for selection given

the p-value pfull did not depend on the unknown parameter µ. Hence, the selection function s(x) had no

dependence on µ, and we were able to construct our selective p-value without any issues. This did not happen

by accident, and is actually a consequence of more general and interesting fact regarding the relationship

between between data splitting, data carving, data fission [Leiner et al., 2023], and data thinning [Dharamshi

et al., 2024, Neufeld et al., 2024].

In the most basic version of data fission, we add and subtract independent normal noise Z ⇐ N(0, 1)

to a normal sample X ⇐ N(µ, 1) to get two independent samples X1, X2 ⇐ N(µ, 2) centered at the same

mean. This is meant to mimic data splitting: the first sample can be used for selection and the second for

inference. Data thinning generalizes this idea by considering a random vector X from a parametric family

and adding noise to make k new random vectors X1, . . . , Xk that (1) are independent and (2) can be used

to recover X via a deterministic function X = T (X1, . . . , Xk). Vanilla data thinning involves using some

of the Xi to perform selection and then the rest to do inference. Data carving, however, suggests using a

p-value p = p(T (X1, . . . , Xn)) that leverages all of the data, despite some of the Xi having been used for

selection. Because the noise we add to X to get the Xi has no dependence on the unknown parameter, the

joint distribution of the Xi given p also has no dependence on the unknown parameter. Therefore, contrary

to the what Leiner et al. [2023] suggest, the selection function s(x) is always known, and we can always

apply our framework to data carve and get more power. If the selection process is highly complicated, it

is true that s(x) may be very di”cult to compute, but in theory it is always accessible to us via extensive
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simulations.

B.6 Post selection inference for the LASSO

In the below example, we freely refer to results from Lee et al. [2016b].

Example 11 (Post selection inference for the LASSO). Suppose that p is a valid p-value for testing the

null H0 and it is selectively dominant given Z. Imagine there are known functions q+(z) ⇒ q→(z) and v(z),

and we only choose to test H0 with p when x(Z) > 0 and p ↑ [q+(Z), q→(Z)]. Applying our framework with

the selection function s(x) = I(p ↑ [q+(Z), q→(Z)])I(v(Z) > 0), Theorem 5 tells us that we control selective

Type I error if we reject according to the selective p-value psel = p→q+(Z)
q↓(Z)→q+(Z) :

PH0


p → q+(Z)

q→(Z) → q+(Z)
⇒ ω|S = 1


⇒ ω. (B.1)

Now, suppose we observe n-dimensional data Y ↑ N(µ, ϖ2) and a fixed matrix X ↑ Rn↑p. For a fixed

regularization strength ↽, the LASSO solution is composed of a fitted coe!cient vector ε̂ ↑ Rp and a sign

vector ŝ ↑ Rp that satisfy the following Karush-Kuhn-Tucker conditions:

X↗(Xε̂ → Y ) + ↽ŝ = 0,

ŝi = sign(ε̂j) if ε̂j ↖= 0,

ŝi ↑ [→1, 1] if ε̂j = 0.

We define the fitted model from the LASSO to be the set

M̂ = {i ↑ {1, . . . , p} : |ŝi| = 1}

For almost every ↽, this is equal to the set of i ↑ [p] for which ε̂i is non-zero.

Now we establish our inferential target. For a subset M ⇓ [p], define XM ↑ Rn↑|M | to be the matrix that

has the columns of X indexed by M . Our goal is to do inference on the population parameters for the model

M ,

εM = argmin
b↔R|M|

E[⇑Y →XMb⇑2
2] = X

†

Mµ.

Particularly, we focus on doing inference on the jth index of this parameter vector εM
j = e↗j X

†

Mµ by testing

the null HM
0,j : εM

j ⇒ 0. Letting $M = X
†

M (X†

M )↗, we see that e↗j X
†

My ⇐ N(εM
j , ϖ2$M

jj ). Thus we can test

this null using the p-value

pMj = 1 → #



e↗j X
†

My

ϖ


$M
jj



 ,

which is selectively dominant by Example 3. However, we only use this p-value to test the null when we

observe that M̂ = M .

Define Z = (In → (X†

M )↗eje↗j X
†

M/$M
jj )Y so that Y and Z are independent. Lemma 5.1 of Lee et al.
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[2016b], often dubbed the polyhedral lemma, precisely tells us that there are functions

qM,s,+
j (z) = 1 → #



V
M,s,+(z)

ϖ


$M
jj





qM,s,→
j (z) = 1 → #



V
M,s,→(z)

ϖ


$M
jj





V
M,s,0(z)

of z, such that

{M̂ = M, ŝM = s} = {pMj ↑ [qM,s,+
j (Z), qM,s,→

j (Z)],V0
M,s(Z) ∈ 0}

The functions V
M,s,→(z), VM,s,+(z), VM,s,0(z) match those given in Lee et al. [2016b].

Now it is easy to see that rejecting the data-dependent null HM̂
0,j when (pM̂j → qM̂,ŝ,+

j (Z))/(qM̂,ŝ,→
j (Z) →

qM̂,ŝ,+
j (Z)) is at most ω controls Type I error conditionally on M̂ , and therefore also marginally. If HM

0,j

is false, then trivially P (falsely reject HM̂
0,j |M̂ = M, ŝM = s) = 0 ⇒ ω. For the case that HM

0,j is true, the

selection event M̂ = M and ŝM = s is the same as selecting pMj for inference in (B.1), so

P (falsely reject HM̂
0,j |M̂ = M, ŝM = s) = P



 pM̂j → qM̂,ŝ,+
j (Z)

qM̂,ŝ,→
j (Z) → qM̂,ŝ,+

j (Z)
⇒ ω

∣∣∣∣∣∣
M̂ = M, ŝM = s





= P

(
pMj → qM,s,+

j (Z)

qM,s,→
j (Z) → qM,s,+

j (Z)
⇒ ω

∣∣∣∣∣ M̂ = M, ŝM = s

)

⇒ ω

Conditional error control on M̂ then follows from the law of total probability,

P (falsely reject HM̂
0,j |M̂ = M) =

∑

s↔{→1,1}|M|

P (ŝM = s|M̂ = M)P (falsely reject HM̂
0,j |M̂ = M, ŝM = s)

⇒ ω
∑

s↔{→1,1}|M|

P (ŝM = s|M̂ = M)

= ω,

as does marginal error control,

P (falsely reject HM̂
0,j) =

∑

M↓[p]

P (M̂ = M)P (falsely reject HM̂
0,j |M̂ = M)

⇒ ω
∑

M↓[p]

P (M̂ = M)

= ω.
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B.7 Comparing conditional and simultaneous inference

We consider a setting where we have n independent and selectively dominant p-values p1, . . . , pn that

are all anti-conservative, i.e., pj ℑ Unif([0, 1]). At worst, these p-values are exact uniforms (e.g., they come

from the boundary of the null).

We will show that, on an event with probability at least 1 → ⇁, the conditional procedure, which rejects

when p(1) ⇒ ωp(2), can only reject if p(1) ⇒ Cε/n for some constant Cε > 0. Hence, without conservative

nulls, the conditional approach behaves roughly on the same order as the classical approach (Sidak).

Letting U1, . . . , Un be independent Unif([0, 1]) random variables, two facts are clear. First that U(2) ⇐

Beta(2, n → 1) has mean 2
n+1 < 2

n and standard deviation


2(n→1)
(n+1)2(n+2) ⇒

2
n , and second that p(2) ℑ U(2).

Fix any ⇁ > 0. We have by Chebyshev’s inequality that

P


p(2) ⇒

2

n
(1 + ⇁→

1
2 )


∈ P (p(2) ⇒ E[U(2)] +


Var(U(2))/

↓
⇁)

∈ P (U(2) ⇒ E[U(2)] +


Var(U(2))/
↓

⇁)

∈ P (|U(2) → E[U(2)]| <


Var(U(2))/
↓

⇁)

∈ 1 → ⇁

Define Cε = 2(1 + ⇁→
1
2 )ω and the event Aε = {p(2) ⇒

2
n (1 + ⇁→

1
2 )}. The event Aε has probability at least

1→ ⇁. Furthermore, on this event, the conditional procedure never rejects when p(1) > Cε/n, completing our

claim.

In other words, the conditional procedure can only reject when p(1) ⇒ Cε/n (aside for on a small proba-

bility event), and hence su!ers the same curse of dimensionality as the classical method:

P (p(1) ⇒ ωp(2) and p(1) > Cε/n) ⇒ P (Ac
ε) ⇒ ⇁ for some constant Cε independent of n.

B.8 Conditional inference on winners

We first provide the standard derivation for the conditional LCB and CI for the winning mean in the

setting of independent Gaussian data. Then we show that it matches our p-value viewpoint. We then argue

that the selective p-value we use for this winner problem is monotone in the null parameter, which allows us

to prove the some facts about the more general conditional LCB and CI that applies for all MLR families.

Finally, we use our p-value viewpoint to argue that, in the independent Gaussian case, the standardized

distance between the winner XW and conditional LCB is purely a function of the standardized distance

between the winner XW and runner-up XR.

B.8.1 Standard derivation

Suppose we observe independent Gaussian data X ⇐ N(µ, In) and want to make a LCB for the mean

µW of the winner W = argmaxi↔[n] Xi.

To construct the conditional LCB, we follow the framework of Fithian et al. [2017]. Letting R be the index

of the runner-up (second largest observation), we note that the deviation of XW from µW has a truncated
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normal distribution once we condition on W and the nuisance statistics X→W :

XW → µW | W, X→W ⇐ TN(0, 1, XR → µW ,≃). (B.2)

Let

q1→ω(xr, µw) = Quantileµ(1 → ω, XW → µW | W = w, X→w = x→w) (B.3)

denote the 1 → ω quantile of this conditional distribution (B.2), which is a function of largest entry xr of

x→w and the mean µw at the winning index. It is straightforward to show that

LCBcond(X) = {µ0 : µ0 > XW → q1→ω(XR, µ0)} (B.4)

is a 1 → ω confidence region for µW that has exact coverage conditional on W and X→W :

Pµ(µW ↑ LCBcond(X)|W, X→W ) = Pµ(XW → µW < q1→ω(XR, µW )|W, X→W ) = 1 → ω.

Later, via our p-value viewpoint, we will argue that this confidence region is indeed an LCB.

Fixing some 0 < ω1, ω2 < ω such that ω1 + ω2 = ω, we also see that

CIcond(X) = {µ0 : XW → qω2(XR, µ0) > µ0 > XW → q1→ω1(XR, µ0)} (B.5)

is a 1→ω confidence region that has exact coverage conditional on W and X→W . Again, later via our p-value

viewpoint we will argue that this region is a CI.

B.8.2 The p-value viewpoint

For the same setting as above, we want to use the p-values pµ0
i = 1→#(Xi→µ0) to characterize when the

conditional LCB does not include µ0 ↑ R. This happens exactly when µ0 is not included in the set (B.4).

Examining (B.2), (B.3), and (B.4), this happens when XW → µ0 is at least as large as the 1 → ω quantile Q

of a standard normal truncated to be larger than XR → µ0. This quantile satisfies

ω =
1 → #(Q)

1 → #(XR → µ0)
.

Solving for Q gives Q = #→1(1 → ω(1 → #(XR → µ0))), meaning we reject exactly when

XW → µ0 ∈ #→1(1 → ω(1 → #(XR → µ0))) ⇍ 1 → #(XW → µ0) ⇒ ω(1 → #(XR → µ0))

⇍ pµ0

(1) ⇒ ωpµ0

(2).

Now we do the same for the conditional CI (B.5). We want to characterize when µ0 is not included in

the set (B.5). Examining (B.2), (B.3), and (B.5), this happens either when XW → µ0 is at least as large as

the 1 → ω1 quantile or at most as small as the ω2 quantile of the same truncated normal distribution. That

is, either

XW → µ0 ∈ #→1(1 → ω1(1 → #(XR → µ0))) ⇍ pµ0

(1) ⇒ ω1p
µ0

(2),
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or

XW → µ0 ⇒ #→1(1 → (1 → ω1)(1 → #(XR → µ0))) ⇍ pµ0

(1) ∈ (1 → ω2)p
µ0

(2),

This will match the conditional CI we give later, which we will write in terms of p-values.

B.8.3 Monotonicity of the selective p-value

Recall the setting where Xi ⇐ Pςi are independent samples from some parametric family Pς with MLR

in T (x), and let pς0i be the UMP p-values for testing H0 : θ ⇒ θ0.

We want to show that the selective p-value pς0j / mini ≃=j pς0j is monotone non-decreasing in θ0. This will

imply that pς0(1)/pς0(2) is monotone non-decreasing in θ0. So long as we can write our selection function in terms

of the data with no dependence on θ0, Appendix B.15.3 guarantees that this will be the case. Recall that

each p-value pς0i is a function of T (Xi) and auxiliary uniform random variables Ui,aux that are independent

of the data and each other. Imagining using our framework with p = pς0j and Z = (T (X→j), U→j,aux), we

can write our selection function in terms of the data T (Xi) and Ui,aux as

s̃(tj , uj , t→j , u→j) =






1, if tj > maxi ≃=j ti,

1, if tj = maxi ≃=j ti and uj ⇒ maxi ≃=j:ti=tj ui,

0, otherwise.

where t→j and u→j jointly represent z.

Because this selection function does not depend on θ0, Appendix B.15.3 guarantees that the selective

p-value resulting from it will be monotone. Note that, to apply Appendix B.15.3, we also needed to ensure

that Z did not depend on θ0, which is was not the case in Example 8’s original treatment, but is the case in

our current treatment.

B.8.4 The conditional LCB and CI for MLR families

Again suppose that Xi ⇐ Pςi are independent samples from some MLR family Pς, and let pς0i be the

UMP p-values for testing H0 : θ ⇒ θ0. Let W = argmini↔[n] p
ς0
i be the index of the smallest p-value, and

define the parameter vector ( = (θ1, . . . , θn).

First we claim that

{θ0 : pς0(1)/pς0(2) > ω}

is a LCB for the winning parameter θW that has exact 1 → ω coverage conditional on W . The region being

an LCB follows from what we showed earlier: pς0(1)/pς0(2) is monotone non-decreasing in θ0. We get exact

1→ω coverage because p
ςj
j has an exact uniform distribution given p

ςj
→j under P# (see Lemma B.15.3). Thus

conditional on W = j and p
ςj
→j (i.e., conditional on selection and Z), Theorem 5 tells us that the selective

p-value p
ςj
j / mini ≃=j p

ςj
i has an exact uniform distribution conditional on selection:
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P#

(
θW ↑

{
θ0 :

pς0(1)

pς0(2)
> ω

}
|W = j

)
= P#

(
θj ↑

{
θ0 :

pς0j

mini ≃=j pς0i
> ω

}
|W = j

)

= P#

(
p
ςj
j

mini ≃=j p
ςj
i

> ω|W = j

)

= 1 → ω,

Likewise, we see that

{θ0 : ω1 < pς0(1)/pς0(2) < 1 → ω2}

is a CI for θW that has exact 1 → ω coverage conditional on W . The fact that it is a CI again follows from

the monotonicity of pς0(1)/pς0(2), and exact coverage follows from an identical argument to the one above.

B.8.5 Distance between winner and conditional LCB

Consider observing Gaussian data X ⇐ N(µ, ϖ2In) and let W and R be the indices of the winner

and runner up respectively. We will use our p-value viewpoint to show that that the standardized distance

D = (XW→µ̂)/ϖ between the winner XW and the conditional LCB µ̂ for µW depends only on the standardized

gap (XW → XR)/ϖ between the winner and runner-up. Per our earlier discussions, the conditional LCB µ̂

satisfies

pµ̂(XW )

pµ̂(XR)
= ω ⇍

1 → #((XW → µ̂)/ϖ)

1 → #((XR → µ̂)/ϖ)
= ω ⇍

1 → #(D)

1 → #(D → (XW → XR)/ϖ)
= ω.

Clearly then, D is a function of (XW → XR)/ϖ and does not at all depend on the problem dimension n.

B.9 Conditional inference on winners for exponentials

Recall the exponential distribution X ⇐ Exp(↽i) which has PDF

fφ(x) =





↽e→φx x > 0,

0 x ⇒ 0
.

Defining T (x) = 1/x, we see for x > 0 and ↽2 ∈ ↽1, the ratio

fφ2(x)/fφ1(x) =
↽2

↽1
exp


→

↽2 → ↽1

T (x)



is monotone non-decreasing in T (x). Thus this family has an MLR in T (x), and the UMP test for H0 : ↽ ⇒ ↽0

thus rejects when T (X) is large, or correspondingly when X is small. In particular, noting that the CDF of

X is given by

FX(x) =





1 → e→φx x > 0,

0 x ⇒ 0
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it rejects according to the p-value pφ
0

= 1 → e→φ0X (see Appendix B.15.1 for details about UMP testing in

MLR families).

Now consider observing some independent data Xi ⇐ Exp(↽i). We know from Appendix B.8 that the

selective p-value pφ0

(1)/pφ0

(2) is monotone non-decreasing in ↽0. Using L’Hopital’s rule, we can compute that

lim
φ0↖0

pφ0

(1)

pφ0

(2)

= lim
φ0↖0

1 → e→φ0X(1)

1 → e→φ0X(2)

= lim
φ0↖0

X(1)e
→φ0X(1)

X(2)e
→φ0X(2)

=
X(1)

X(2)
,

which is su”cient to imply our claim in the main text.

B.10 Hybrid inference on winners

We first provide the standard derivation for the hybrid LCB and CI for the winning mean in the setting

of independent Gaussian data. Then we show that it matches our p-value viewpoint. We then provide

more general hybrid confidence regions that apply for all MLR families, and show that they are indeed an

LCB and CI. Finally, we use our p-value viewpoint to argue that, in the independent Gaussian case, the

standardized distance between the winner XW and conditional LCB is purely a function of the standardized

distance between the winner XW and runner-up XR as well as the problem dimension n.

B.10.1 Standard derivation

We want to make a hybrid LCB for the mean µW of the winner W = argmaxi↔[n] Xi in the case of

independent Gaussian data X ⇐ N(µ, In) with unknown mean µ ↑ Rn.

The core idea behind hybrid inference is giving a confidence region Chyb(X) that has a very high proba-

bility of containing µW on a “good” event Gµ. Oddly, this good event depends on the unknown parameter.

For some ε < ω, we need Gµ to happen with probability at least 1 → ε. Then, if we ensure that Chyb(X)

has at least (1 → ω)/(1 → ε) coverage on the Gµ, it will achieve 1 → ω coverage overall:

Pµ(µW ↑ Chyb(X)) = Pµ(Gµ)Pµ(µW ↑ Chyb(X)|Gµ) + Pµ(Gc
µ)Pµ(µW ↑ Chyb(X)|Gc

µ)

∈ (1 → ε)


1 → ω

1 → ε



= 1 → ω.

Considering some ε < ω and defining εn = 1 → (1 → ε)1/n, our good event is that the confidence lower

bounds Xi → z1→ϖn for the means µi all simultaneously hold:

Gµ = {Xi < µi + z1→ϖn for all i ↑ [n]}.

It is not hard to show that this good event happens with probability exactly 1 → ε.
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We note that our treatment di!ers slightly from Andrews et al. [2023]. Andrews et al. [2023] focus on

making confidence intervals, and rheir good event is that there are CIs (not LCBs) that simultaneously cover

all the µi. The purpose of restricting to this good event is that on this good event, we know all the Xi are

not too far from their µi, and therefore our inferences on this event should not result in exploding intervals

(even if they are of conditional flavor). Because the explosion only happens for the lower endpoint, however,

it is most important to ensure that the Xi are not too far above their means. Hence we put all our ε error

budget on the good event into making simultaneous LCBs, rather than two-sided CIs like Andrews et al.

[2023].

Now, we can make a confidence region that contains the mean with probability at least (1 → ω)/(1 → ε)

on this good event. If we condition on Gµ along with W and X→W , the deviation of XW from µW has a

truncated normal distribution like (B.2) that is further truncated from above:

XW → µW | W, X→W , Gµ ⇐ TN(0, 1, XR → µW , z1→ϖn). (B.6)

On the good event Gµ, we always have that XR → µW < XW → µW < z1→ϖn , so the lower truncation is

indeed below the upper one. Let

qh1↓ε
1↓ϑ

(xr, µw) = Quantileµ


1 → ω

1 → ε
, XW → µW | W = w, X→w = x→w, Gµ


(B.7)

denote the (1 → ω)/(1 → ε) quantile of the conditional distribution (B.6), which is a function of the largest

entry xr of x→w and the winning mean µw. Per the prior discussion, the function (B.7) only makes sense if

xr → µ0 at most z1→ϖn , and we will take the quantile (B.7) to be →≃ if it is not. It is then straightforward

to show that

LCBhyb(X) = {µ0 : µ0 > XW → qh1↓ε
1↓ϑ

(XR, µ0)} (B.8)

contains µW with high probability conditional on W , X→W , and the event Gµ:

Pµ(µW ↑ LCBhyb(X)|W, X→W , Gµ) = Pµ(XW → µW < qh1↓ε
1↓ϑ

(XR, µW )|W, X→W , Gµ) =
1 → ω

1 → ε
.

Based on our earlier discussions, this is su”cient to imply that LCBhyb(X) from (B.8) will contain µW with

probability at least 1 → ω. We argue later (via our p-value viewpoint) that (B.8) is an LCB.

Similarly, fixing some ◁1, ◁2 > 0 such that ◁1 + ◁2 = 1 = (1 → ω)/(1 → ε) = ω→ϖ
1→ϖ , we can argue that

CIhyb(X) = {µ0 : XW → qh▷2
(XR, µ0) > µ0 > XW → qh1→▷1

(XR, µ0)} (B.9)

will contain µW with probability at least 1→ ω. Again, we will show via our p-value viewpoint that (B.9) is

a CI.

B.10.2 The p-value viewpoint

For the same setting as above, we want to use the p-values pµ0
i = 1 → #(Xi → µ0) to characterize when

the hybrid LCB (B.8) does not contain µ0 ↑ R. Examining (B.6), (B.7), and (B.8), we can consider two

cases to figure out when this happens.



APPENDIX B. SUPPLEMENTARY MATERIAL RELATING TO SELECTIVE INFERENCE 134

Case One - XR → µ0 ∈ z1→ϖn : If XR → µ0 ∈ z1→ϖn , then qh1↓ε
1↓ϑ

(W, X→W , µ0) = →≃, so µ0 cannot be in

(B.8). This case happens precisely when

XR → µ0 ∈ z1→ϖn ⇍ 1 → #(XR → µ0) ⇒ 1 → #(z1→ϖn) ⇍ pµ0

(2) ⇒ εn.

Case Two - XR → µ0 < z1→ϖn : If XR → µ0 < z1→ϖn , then µ0 is not in (B.8) exactly when XW → µ0 is at

least as large as the 1→ω
1→ϖ quantile Q of a standard normal truncated to be larger than XR → µ0 but smaller

than z1→ϖn . This quantile satisfies

ω → ε

1 → ε
=

#(z1→ϖn) → #(Q)

#(z1→ϖn) → #(XR → µ0)
=

1 → εn → #(Q)

1 → εn → #(XR → µ0)

Solving for Q gives

Q = #→1


1 → εn →

ω → ε

1 → ε
(1 → εn → #(XR → µ0))


= #→1


1 →

ω → ε

1 → ε


(1 → εn) +

ω → ε

1 → ε
#(XR → µ0)


,

so µ0 is not in (B.8) exactly when

XW → µ0 ∈ #→1


1 →

ω → ε

1 → ε


(1 → εn) +

ω → ε

1 → ε
#(XR → µ0)



⇍ 1 → #(XW → µ0) ⇒


1 →

ω → ε

1 → ε


εn +

ω → ε

1 → ε
(1 → #(XR → µ0))

⇍ pµ0

(1) ⇒
ω → ε

1 → ε
pµ0

(2) +


1 →

ω → ε

1 → ε


εn

It turns out we can combine these two cases. Because pµ0

(1) ⇒ pµ0

(2), the fact that pµ0

(2) ⇒ εn in Case One

implies that pµ0

(1) ⇒ εn also. Therefore in Case One, pµ0

(1) must be strictly smaller than a mixture of pµ0

(2) and

εn:

pµ0

(1) ⇒
ω → ε

1 → ε
pµ0

(2) +


1 →

ω → ε

1 → ε


εn. (B.10)

Therefore, if say µ0 is not included whenever (B.10), we will always say it is not included in Case One, and

we will say it is not included at the appropriate times in Case Two.

Now, we do the identical analysis for the hybrid CI (B.9). Case One is identical. We redo Case Two below.

Case Two - XR → µ0 < z1→ϖn : If XR → µ0 < z1→ϖn , then µ0 is not in (B.9) exactly when XW → µ0 is at

least as large as the 1 → ◁1 quantile of the same truncated normal, and at most as small as that truncated

normal’s ◁2 quantile. That is, when either

XW → µ0 ∈ #→1 (◁1(1 → εn) + (1 → ◁1)#(XR → µ0))

⇍ pµ0

(1) ⇒ ◁1p
µ0

(2) + (1 → ◁1)εn
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or

XW → µ0 ⇒ #→1 ((1 → ◁2)(1 → εn) + ◁2#(XR → µ0))

⇍ pµ0

(1) ∈ (1 → ◁2)p
µ0

(2) + ◁2εn

By the same reasoning as above, we can combine the two cases, and say that we do not include µ0

whenever

pµ0

(1) ⇒ ◁1p
µ0

(2) + (1 → ◁1)εn or pµ0

(1) ∈ (1 → ◁2)p
µ0

(2) + ◁2εn.

B.10.3 The hybrid LCB and CI for MLR families

Recall the setting where Xi ⇐ Pςi are independent samples from some parametric family Pς with MLR

in T (x), and let pς0i be the UMP p-values for testing H0 : θ ⇒ θ0. Let ( = (θ1, . . . , θn) be the parameter

vector and let W argmini↔[n] p
ς0
i be the index of the smallest p-value.

We will present a hybrid LCB and CI for θW and directly prove their validity. Importantly, note that

the event G# = {pςii ∈ εn for all i ↑ [n]} happens with probability 1→ ε under P#. Thus it su”ces to show

that our confidence regions have (1 → ω)/(1 → ε) coverage on this event, per our earlier discussion. Also

importantly, thanks to p
ςj
j having a uniform distribution under Pςj (see Lemma B.15.3), the conditional

distribution of p
ςj
j given W = j, p

ςj
→j , and G# is a uniform distribution on [εn, mini ≃=j p

ςj
i ]. Using this, we

can see that 
θ0 : pς0(1) >

ω → ε

1 → ε
pς0(2) +


1 →

ω → ε

1 → ε


εn



is a 1 → ω confidence region for θW :

P#


θW ↑


θ0 : pς0(1) >

ω → ε

1 → ε
pς0(2) +


1 →

ω → ε

1 → ε


εn


|W = j, p

ςj
→j , B#



= P#

(
θj ↑

{
θ0 :

pς0j → εn

mini ≃=j pς0i → εn

>
ω → ε

1 → ε

}
|W = j, p

ςj
→j , B#

)

= P#

(
pς0j → εn

mini ≃=j pς0i → εn

>
ω → ε

1 → ε
|W = j, p

ςj
→j , B#

)

=
1 → ω

1 → ε
,

To see that the region is actually an LCB, we rewrite it as

{
θ0 :

pς0(1)

pς0(2)
>

ω → ε

1 → ε
+


1 →

ω → ε

1 → ε


εn


pς0(2)

}
(B.11)

because we know that pς0(2) is monotone non-decreasing in θ0 and also from Appendix B.8 that pς0(1)/pς0(2) is

monotone non-decreasing in θ0, once some θ0 belongs to (B.11) all larger θ0 will as well. Hence, it is an

LCB.

Considering ◁1, ◁2 > 0 such that ◁1 + ◁2 = (ω → ε)/(1 → ε), we can do the exact same analysis for the
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(a) n = 10 (b) n = 100 (c) n = 1000

Figure B.1: For n = 10 (left), n = 100 (middle), and n = 1000 (right) the distance between the hybrid LCB
to the winner (dash-dot line) and union bound LCB to the winner (dotted and solid line) with ω = 0.05 and
ε = 0.005 plotted as a function of the gap between the winning and runner-up observation.

hybrid CI {
θ0 : ◁1p

ς0
(2) + (1 → ◁1)εn < pς0(1) < (1 → ◁2)p

ς0
(2) + ◁2εn

}

to show that it both covers θW with probability at least 1 → ω and that it is indeed a CI.

Note that, when put in our selective dominance framework, the hybrid selection event actually depends

on the null parameter θ0. Hence we cannot argue monotonicity of the selective p-value via Appendix B.15.3

as we did in the conditional case, and instead had to use di!erent arguments to justify that our confidence

regions were actually an LCB and CI.

B.10.4 Distance between winner and hybrid LCB

Consider observing Gaussian data X ⇐ N(µ, ϖ2In) and let W and R be the indices of the winner

and runner up respectively. We will use our p-value viewpoint to show that the standardized distance

D = (XW →XR)/ϖ between the winner XW and the hybrid LCB µ̂ for µW depends only on the standardized

gap (XW →XR)/ϖ between the winner and runner-up. Per our earlier discussion the hybrid LCB µ̂ satisfies

pµ̂(XW ) =
ω → ε

1 → ε
pµ̂(XR) +


1 →

ω → ε

1 → ε


εn

1 → #


XW → µ̂

ϖ


=

ω → ε

1 → ε


1 → #


XR → µ̂

ϖ


+


1 →

ω → ε

1 → ε


εn

⇍ 1 → #(D) =
ω → ε

1 → ε


1 → #


D →

XW → XR

ϖ


+


1 →

ω → ε

1 → ε


εn.

Clearly then, D is a function of (XW → XR)/ϖ and n.

B.11 Comparing hybrid inference to the union bound

As discussed earlier the hybrid cuto! (5.9) is strictly larger than the union bound cuto! (5.11) when

p(1) > εn. Thus, both procedures reject when p(1) ⇒ εn. When p(1) > εn, the hybrid procedure rejects but
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the union bound does not whenever

p(1) ↑


(ω → ε)p(2),

ω → ε

1 → ε
p(2) +


1 →

ω → ε

1 → ε


εn

]

When p(2) = 1 and n = 1, the length of the interval is ε, which is the largest it can possible be. Thus, in the

case where we can have additional rejections, the hybrid cuto! is never more than ε plus the union bound

cuto!. Andrews et al. [2023] suggests taking ε = ω/10, so when ω = 0.05, for example, ε = 0.005 is quite

small.

Still, this is not a precise statement about power gain. The computations required to compute the power

gain analytically are messy, so instead we gauge the power gain via simulation. We sample data X ⇐ N(µ, In)

for n = 10 and attempt to reject the winning null HW : µW ⇒ 0 where W = argmini↔[n] 1 → #(Xi) is the

index of the smallest p-value pi = 1 → #(Xi).

We choose n = 10 because it is a reasonably small dimension size where one may apply hybrid inference

(e.g., the main example from Andrews et al. [2023] has n = 13). Let R denote the index of the runner-up

(second smallest p-value). For the dimensions n = 10, 100, 1000, Figure B.1 compares the distance from the

winner XW the hybrid LCB and the union bound LCB. As illustrated in the plot, the benefit of hybrid

inference dissipates as the dimension of the problem increases. This is because conditioning on the “good

event” has less and less of an e!ect as n grows.

Our simulation results indicate that hybrid inference typically results in a fairly small power gain. We

consider two simulated settings:

Needle in a haystack: First, we consider a needle-in-the-haystack setting where µ1 > 0 and all the other

µi for i ↖= 1 are set to µ2. We try µ2 = →2, 0, 2. The power comparison is ploted in Figure B.2. Whenever we

truly have a needle-in-the-haystack problem, i.e., µ1 > µ2, hybrid inference results in essentially no power

gain. The only setting where we see some gain (up to around 0.05) is when µ2 > µ1. In this setting we

actually have a dense alternative (many small signals). We expect the top two p-values to be close to each

other, so conditional methods should perform poorly. The union bound approach indeed performs essentially

identically to the level ε classical test (not pictured). Hybrid, however, manages to eke out some additional

power. Both methods pale in comparison to the level ω classical test however, which would achieve power

> 0.95 throughout the whole plot (not pictured). For various values of ϖ1 and ϖ2, which we assume are

known, we also tried re-running the experiments with X1 ⇐ N(µ1, ϖ2
1) and Xi ⇐ N(µ2, ϖ2

2) when i > 1. The

results were not appreciably di!erent.

Two possible signals: Seeing as the hybrid and union bound approaches both reject based on the winning

and running-up p-value, we ran a simulation for all pairs µ1, µ2 ↑ {→3,→2.9, . . . , 2.9, 3} with µ1 > µ2 and

µ1 > 0. We forcibly set µi = →≃ for i > 2. For each setting we ran N = 10000 to get an empirical estimate

of power for each method. Across the 1492 simulated settings, the median empirical power increase from

hybrid was ∃ 0.003, the 90th percentile empirical power increase was ∃ 0.023 and the maximum empirical

power increase was ∃ 0.042. As the results indicate, the power increases from hybrid were negligible for

most settings. We also re-ran the same simulations but sampled X1 ⇐ N(µ, ϖ2
1) and X2 ⇐ N(µ, ϖ2

2) for

various values of ϖ1 and ϖ2, which we assume are known. The results were not appreciably di!erent, and, if

anything, the di!erence in power was notably smaller for some values of ϖ1 and ϖ2.
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(a) µ2 = →2 (b) µ2 = 0 (c) µ2 = 2

Figure B.2: For µ2 = 0 (left), µ2 = →0.5 (middle), and µ2 = →1 (right) the empirical power over N = 104

trials of the hybrid inference approach versus the union bound approach for the needle-in-the-haystack
alternative. One standard error bands are also plotted. For the most part, they are so small that they are
hardly visible.

B.12 Number of ties in rank verification

Considering a random vector X ↑ Rn let

Yi =
Xi → Xj

2
, Yj =

Xi + Xj

2
, Yϑ = Xϑ for ς ↖= i, j, (B.12)

Suppose that Xi ∈ Xk for all k ↖= i, and Xi = Xϑ for some ς ↖= i (i.e., there is at least one tie). We count

the number of ties in for the winner in three di!erent cases.

• Suppose Yj > maxk ≃=i,j Yk. If any of the Xk for k ↖= i, j were equal to Xi, then we would have

Yk = Xk =
Xi + Xk

2
∈

Xi + Xj

2
= Yj

which would be a contradiction. Thus, if there is a tie, the only possible tie is Xj . Since,

1 + |{ς ↖= i : Yϑ = max
k ≃=i

Yk}| = 2

in this case, we are done.

• Suppose that Yj < maxk ≃=i,j Yk. Then some Xk for k ↖= i, j must be strictly than larger Xj . Otherwise

we would have for every k ↖= i, j that

Yj =
Xi + Xj

2
∈

Xi + Xk

2
∈ Xk = Yk,

which is a contradiction. Thus, if there is a tie, the number of ties is one plus the number of Xk for

k ↖= i, j that are equal to each other. In this case, this matches

1 + |{ς ↖= i : Yϑ = max
k ≃=i

Yk}|,

so we are done.

• Now suppose that Yj = maxk ≃=i,j Yk. In this case we must have Xj = Xi. If not, then Xj < Xi and
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there must be some ς ↖= i, j such that Xi = Xϑ, so

Yj =
Xi + Xj

2
<

Xi + Xϑ

2
= Xϑ = Yϑ,

which is a contradiction. Thus Yj = Xi in this case, and the number of ties is therefore clearly

1 + |{ς ↖= i : Yϑ = max
k ≃=i

Yk}|.

B.13 Selective p-value for rank verification in exponential families

Suppose p is a p-value for the null H0 that is selectively dominant given Z and we select p to use for

inference according to the selection function

s(x, z) =






1 if x < q+(z),

1
N(z) if x ↑ [q+(z), q(z)],

0 otherwise,

,

Then the adjusted p-value (4.4) is given by

psel =

∫ p
0 s(x, Z)dx
∫ 1
0 s(x, Z)dx

=






p
q+(Z)+ 1

N(Z) (q(Z)→q+(Z))
if p < q+(Z),

q+(Z)+ 1
N(Z) (p→q+(Z))

q+(Z)+ 1
N(Z) (q(Z)→q+(Z))

if p ↑ [q+(Z), q(Z)],
,

which can be re-written as

psel =
p → (1 →

1
N(Z) )(p → q+(Z))+

q+(Z) + 1
N(Z) (q

+(Z) → q(Z))
.

This is su”cient to imply the claim from the main text.

B.14 Rank verification additional details

Example 12 (Rank verification in exponential families). Suppose p is a p-value for the null H0 that is

selectively dominant given Z. If we select p to use for inference according to the selection function

s(x, z) =






1 if x < q+(z),

1
N(z) if x ↑ [q+(z), q(z)],

0 otherwise,

,

where N(z) > 1 and 0 ⇒ q+(z) ⇒ q(z) ⇒ 1 are known functions of z, then the selective p-value from (4.4)

turns out to be (see Appendix B.13 for computations)

psel =
p → (1 →

1
N(Z) )(p → q+(Z))+

q+(Z) + 1
N(Z) (q(Z) → q+(Z))

. (B.13)
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Therefore, Theorem 5 tells us that rejecting when (B.13) is at most ω is a selective Type I error controlling

procedure:

PH0

(
p → (1 →

1
N(Z) )(p → q+(Z))+

q+(Z) + 1
N(Z) (q(Z) → q+(Z))

. ⇒ ω | S = 1

)
⇒ ω. (B.14)

Now, suppose we observe X drawn from the exponential family (6.7) and let W be the index of the largest

Xi (with ties broken randomly). For i ↖= j, Example 4 tells us that the UMPU p-value p = pij from (6.11)

for the null H0,ij : θi ⇒ θj is selectively dominant given the transformed nuisance statistics Y→i from (6.8).

Taking q+
ij(Y→i), qij(Y→i), Ni(Y→i), and f from (6.12), (6.13), (6.14), it is now easy to show that rejecting

the data-dependent null H0,Wj for j ↖= W when

pWj → (1 →
1

NW
)(pWj → q+

Wj)+

q+
Wj + 1

NW
(qWj → q+

Wj)
⇒ ω (B.15)

controls Type I error conditionally on W .

For i ↖= j, if H0,ij is false, then trivially P (falsely reject H0,Wj |W = i). For the case that H0,ij is true,

the event W = i is the same event as selecting pij for inference in (B.13), so

P (falsely reject H0,Wj |W = i) = P

(
pWj → (1 →

1
NW

)(pWj → q+
Wj)+

q+
Wj + 1

NW
(qWj → q+

Wj)
⇒ ω

∣∣∣∣∣ W = i

)

= P

(
pij → (1 →

1
Ni

)(pij → q+
ij)+

q+
ij + 1

Ni
(qij → q+

ij)
⇒ ω

∣∣∣∣∣ W = i

)
,

⇒ ω.

which is su!cient to imply conditional error control.

Now suppose we reject the data-dependent null ∋j ≃=WH0,Wj when we reject all of the individual nulls

H0,Wj for j ↖= W . It is straightforward to see that this will control Type I error both conditionally on W and

marginally. If i is such that θi > θj for all j ↖= i, then trivially P (falsely reject ∋j ≃=W H0,Wj |W = i) = 0. If

this is not true, then there exists some k ↖= i such that θk ∈ θi, so

P (falsely reject ∋j ≃=W H0,Wj |W = i) ⇒ P (falsely reject H0,Wk|W = i) ⇒ ω.

Again, marginal error control follows from the usual law of total probability argument:

P (falsely reject ∋j ≃=W H0,Wj) =
n∑

i=1

P (W = i)P (falsely reject ∋j ≃=W H0,Wj |W = i)

⇒ ω
n∑

i=1

P (W = i)

= ω.
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B.15 Selective dominance and one-sided testing

In this appendix, we establish the selective dominance property for UMP p-values in MLR families

and UMPU p-values in exponential families. We also show that in these cases, the adjusted p-value from

Theorem 5 is monotone in the parameter, under suitable conditions. Throughout the appendix, we draw

from the discussion and proof strategy in Appendix B.1 of Lei and Fithian [2018].

B.15.1 MLR Families

We consider a parametric family Pς parameterized by a real parameter θ ↑ R such that each Pς has

density pς(x) with respect to some carrier measure µ. We will suppose that these densities share support

(i.e., for any two θ and θ⇓ we have pς(x) > 0 ⇍ pς↔(x) > 0). Further, we suppose that for any θ ⇒ θ⇓,

the likelihood ratio pς↔(x)/pς(x) is a monotone non-decreasing function of some real-valued function T (x)

on this support (i.e., for any x1 ⇒ x2 with pς(x1), pς(x2) > 0, we have pς↔(x1)/pς(x1) ⇒ pς↔(x2)/pς(x2)).

Recall that for a testing problem, the critical function ▷(x) (see [Lehmann et al., 1986, Section 3.1]) tells

us the probability of rejecting the null having observed data x, so ▷(X) = P (reject H0|X). From Theorem

3.4.1 of Lehmann et al. [1986] we know the test governed by the critical function

▷(x) =






1 if T (x) > C

◁ if T (x) = C

0 otherwise

(B.16)

is UMP for testing H0 : θ ⇒ θ0 against the alternatives Ha : θ > θ0 so long C and ◁ satisfy

Pς0(T (X) > C) + ◁Pς0(T (X) = C) = ω. (B.17)

Denote the left-continuous survival function of T (X) and its right-hand limit under Pς0 as

G(t) = Pς0(T (X) ∈ t) G+(t) = lim
u↖t

G(u).

Since G(t) is a monotone non-increasing function, we can also define its generalized inverse

G→1(z) = inf{t : G(t) ⇒ z},

Lemma B.15.1 gives a natural way to set C and ◁ in Equation (B.16) to get an UMP test.

Lemma B.15.1 (An UMP test). Adopting the convention that 0/0 = 0, taking C = G→1(ω) and ◁ =

(ω → G+(C))/(G(C) → G+(C)) in Equation (B.16) gives an UMP test.

Proof. At continuity points t of G(·), we have G(G→1(t)) = t and also P (T (X) = t) = 0. Thus, if C = G→1(ω)

is a continuity point of G(·), then G+(C) = Pς0(T (X) > C) = Pς0(T (X) ∈ C) = G(C) = ω and ◁ = 0, so

the constraint (B.17) is immediately satisfied.

If C = G→1(ω) is not a continuity point of G(·), then G(C) → G+(C) > 0 and the constraint (B.17) is

also immediately satisfied. To ensure that we still have a valid test, however, we need ◁ ↑ [0, 1]. This is true

so long as ω ↑ [G+(C), G(C)]. We know that G(t) ⇒ ω for any t > C, so G+(C) ⇒ ω. If G(C) < ω, then we
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could find some t→ < C such that G(C) < ω by left-continuity, but this would contradict that C = G→1(ω),

finishing the proof.

Letting Uaux ⇐ Unif([0, 1]) be auxiliary randomness that is independent of X, a simple way to instantiate

the test from Lemma B.15.1 is to reject whenever T (X) > C or when T (X) = C and Uaux ⇒ ◁. Lemma B.15.2

explains how this is the same as rejecting when the p-value, termed as a fuzzy p-value in Geyer and Meeden

[2005],

p = G+(T (X)) + Uaux(G(T (X)) → G+(T (X))) (B.18)

is at most ω.

Lemma B.15.2 (Fuzzy p-value is UMP). Rejecting H0 : θ ⇒ θ0 when the fuzzy p-value (B.18) is at most ω

instantiates the test from Lemma B.15.1, and is therefore UMP.

Proof. We rewrite

p = (1 → Uaux)G
+(T (X)) + UauxG(T (X))

and consider four cases.

• If t < G→1(ω) then we can find some t+ > t such that G(t+) > ω. Thus G(t) ∈ G+(t) > ω. So p > ω

whenever T (X) < G→1(ω)

• If t = G→1(ω) and G→1(ω) is a continuity point of G(·), then G+(t) = G(t) = ω. Thus, in this case

p ⇒ ω whenever T (X) = G→1(ω) and Uaux ⇒
ω→G+(G↓1(ω))

G(G↓1(ω))→G+(G↓1(ω)) = ≃.

• If t = G→1(ω) and G→1(ω) is not a continuity point of G(·), then we must have that G(t)→G+(t) > 0.

Also by right continuity we have G(t) ∈ ω and by how G→1(·) is defined we have G+(t) ⇒ ω. In this

case p ⇒ ω also whenever T (X) = G→1(ω) and Uaux ⇒
ω→G+(G↓1(ω))

G(G↓1(ω))→G+(G↓1(ω)) .

• If t > G→1(ω) then G+(t) ⇒ G(t) ⇒ ω. So p ⇒ ω whenever T (X) > G→1(ω).

This implies the following set equalities:

{p ⇒ ω} = {T (X) > G→1(ω)} ∋


T (X) = G→1(ω), Uaux ⇒

ω → G+(G→1(ω))

G(G→1(ω)) → G+(G→1(ω))



= {T (X) > C} ∋ {T (X) = C, Uaux ⇒ ◁}

Lemma B.15.3 shows that p ⇐ Unif([0, 1]) under Pς0 , which will be useful for us later.

Lemma B.15.3 (Fuzzy p-value is uniform at null boundary). Under Pς0 , the p-value (B.18) has a Unif([0, 1])

distribution.

Proof. Using the set equality from Lemma B.15.2 but replacing ω with z ↑ (0, 1), we find
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Pς0(G
+(T (X)) + Uaux(G(T (X)) → G+(T (X))) ⇒ z)

= Pς0(T (X) > G→1(z)) + Pς0


T (X) = G→1(z), U ⇒

z → G+(G→1(z))

G(G→1(z)) → G+(G→1(z))



= Pς0(T (X) > G→1(z)) + Pς0(T (X) = G→1(z))Pς0


U ⇒

z → G+(G→1(z))

G(G→1(z)) → G+(G→1(z))



= G+(G→1(z)) + (G(G→1(z)) → G+(G→1(z))) ·
z → G+(G→1(z))

G(G→1(z)) → G+(G→1(z))

= z.

Now we can show that p is a selectively dominant p-value for testing the null H0 : θ ⇒ θ0. In what

follows, we consider some fixed θ ⇒ θ0 and prove some facts that allow us to relate the distribution of T (X)

under Pς0 to its distribution under Pς.

Lemma B.15.4 (Distribution of T (X)). Let gς(T (x)) be a non-increasing function that equals the likelihood

ratio pς(x)/pς0(x) on the support and

4(A) =

∫
I(T (x) ↑ A)pς0(x)µ(dx)

be the measure of T (X) under X ⇐ Pς0 . Then

Pς(T (X) ↑ A) =

∫

A
gς(t)4(dt)

Proof. We know that

Pς(T (X) ↑ A) =

∫
I(T (x) ↑ A)pς0(x)gς(T (x))µ(dx),

so we need to show that

∫
I(T (x) ↑ A)pς0(x)gς(T (x))µ(dx) =

∫

A
gς(t)4(dt) (B.19)

If gς(T (x)) = I(T (x) ↑ A⇓) happens to be an indicator then (B.19) holds. Therefore, we can apply the

standard machine (see the discussion after Equation 42 in Lei and Fithian [2018]) to show that (B.19) holds

for all non-negative functions gς(·).

Lemma B.15.5 (Distribution of (T (X), Uaux)). If 5 denotes the product measure of 4 and Lebesgue measure

↽ on [0, 1], i.e., the distribution of (T (X), Uaux) under Pς0 , then

Pς((T (X), U) ↑ B) =

∫

B
gς(t)5(dt, du) (B.20)

Proof. We will first argue that (B.20) holds for any B which is a product set A1⇔A2. We can further reduce
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to the case that gς(T (x)) = I(T (x) ↑ A⇓

1) is an indicator. Then we see using our previous lemma that

Pς((T (X), Uaux) ↑ A1 ⇔ A2) = Pς(T (X) ↑ A1)P (Uaux ↑ A2)

=

∫

A1

gς(t)4(dt) ·

∫

A2

↽(du)

=

∫

A1△A↔
1

4(dt) ·

∫

A2

↽(du)

=

∫

A1△A↔
1↑A2

5(dt, du)

=

∫

A1↑A2

gς(t)5(dt, du)

To handle the case of general gς(·) we can again simply apply the standard machine.

The full result then follows from an application of the 2→↽ theorem: the set of B for which (B.20) holds

is a ↽-system, and (B.20) holds for every set in the 2 system of all product sets B = A1 ⇔ A2.

Note that our p-value p is a deterministic function of T (X) and Uaux:

p = m(T (X), Uaux) m(t, u) = G+(t) + u(G(t) → G+(t)).

As such, we sometimes write our selection function as a function of T (X) and Uaux:

s(t, u) = s(m(t, u)).

We use this abuse of notation in our next lemma, which characterizes the conditional distribution of T (X)

given selection.

Lemma B.15.6 (Distribution of (T (X), Uaux) given selection). For any selection function s(x) under which

p has a positive probability of selection under Pς,

Pς((T (X), Uaux) ↑ B|S = 1) =

∫
B gς(t)s(t, u)5(dt, du)∫
gς(t)s(t, u)5(dt, du)

Proof. First note that

Pς((T (X), Uaux) ↑ B|S = 1) =
Pς((T (X), Uaux) ↑ B, S = 1)

Pς(S = 1)
.

Thus it su”ces to show for any set B that

Pς((T (X), Uaux) ↑ B, S = 1) =

∫

B
gς(t)s(t, u)5(dt, du).

By the definition of conditional expectation

Pς((T (X), Uaux) ↑ B, S = 1) = Eς[Eς[I(S = 1) | T (X), Uaux]I((T (X), Uaux) ↑ B)]

= Eς[s(T (X), Uaux)I((T (X), Uaux) ↑ B)]
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If s(t, u) = I((t, u) ↑ B) is an indicator function, then the result is implied by our previous lemma. We again

get the result for general selection functions s(t, u) by applying the standard machine.

With these lemmas under our belt, we can show Proposition B.15.1, the main result of this sub-section.

Since p ⇐Pϖ0
Unif([0, 1]) by Lemma B.15.3, this proposition is su”cient to imply selective dominance.

Proposition B.15.1. For any selection function s(x) for which p has positive probability of selection under

Pς,

Pς(p ⇒ z|S = 1) ⇒ Pς0(p ⇒ z|S = 1).

Proof. First we show that Pς(S = 1) > 0 ≠ Pς0(S = 1) > 0. We show the contrapositive. If

0 = Pς0(S = 1) = Eς0 [Eς0 [S|p]]

= Eς0 [s(p)]

= Eς0 [s(T (X), Uaux)],

then s(T (X), Uaux) = 0 a.e. under Pς0 . Therefore,

Pς(S = 1) = Eς[s(T (X), Uaux)] = Eς0 [gς(T (X))s(T (X), Uaux)] = 0.

Now, fix z ↑ (0, 1). If z is such that Pς(p ⇒ z|S = 1) = 0 then the desired inequality is trivial. To handle

the non-trivial case, we recall Lemma B.15.2 and note three facts:

• If (t, u) ↑ m→1([0, z]) then t ∈ G→1(z),

• If (t, u) ↑ m→1((z, 1]) then t ⇒ G→1(z),

• The sets m→1([0, z]) and m→1((z, 1]) are disjoint.

Thus,

1

Pς(p ⇒ z|S = 1)
=

∫
m↓1([0,1]) gς(t)s(t, u)5(dt, du)
∫
m↓1([0,z]) gς(t)s(t, u)5(dt, du)

=

∫
m↓1([0,z]) gς(t)s(t, u)5(dt, du) +

∫
m↓1((z,1]) gς(t)s(t, u)5(dt, du)

∫
m↓1([0,z]) gς(t)s(t, u)5(dt, du)

= 1 +

∫
m↓1((z,1]) gς(t)s(t, u)5(dt, du)
∫
m↓1([0,z]) gς(t)s(t, u)5(dt, du)

∈ 1 +
gς(G→1(z))

∫
m↓1((z,1]) s(t, u)5(dt, du)

gς(G→1(z))
∫
m↓1([0,z]) s(t, u)5(dt, du)

= 1 +

∫
m↓1((z,1]) s(t, u)5(dt, du)
∫
m↓1([0,z]) s(t, u)5(dt, du)

=
1

Pς0(p ⇒ z|S = 1)
,

where to finish we have noted that gς0(t) = 1 almost everywhere in the measure 5.
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B.15.2 Exponential families

Suppose we observe data X ↑ Rm from an exponential family Pς parameterized by θ ↑ Rn i.e., under Pς

the data X has density

gς(x) = exp(θ1T1(x) + · · · + θnTn(x) → ψ(θ))g(x)

with respect to some carrier measure µ. We consider the problem of testing H0 : θi ⇒ θ0,i.

The UMPU test for H0 : θi ⇒ θ0,i is valid conditional on T→i(X). More specifically, Theorem 4.4.1 of

Lehmann et al. [1986] tells us that any test of the form

▷(ti, t→i) =






1 if ti > C0(t→i)

◁(t→i) if ti = C0(t→i)

0 otherwise

where the functions ◁(·) and C0(·) satisfy

Eςi=ς0,i [▷(Ti(X), t→i)|T→i(X)] = ω a.e. under Pςi=ς0,i

is UMPU for testing H0 : θi ⇒ θ0,i. Lemma 2.7.2 of Lehmann et al. [1986] tells us that the conditional

distribution of Ti(X) given T→i(X) = t→i admits a density

gςi,t↓i(ti) = exp(θiti → ψ̃(θi))

with respect to some base measure µt↓i . This density has an MLR in ti (to be specific, we are imagining

observing Ti(X) from its conditional distribution T→i(X), and the map T (·) from the previous sub-section is

actually the identity). Hence, a concrete UMPU test is to just run our UMP test from the previous section

using the conditional distribution given T→i(X) = t→i. In particular, our work from the previous section

implies that it is UMPU to reject using the p-value

p = G+(Ti(X)|T→i(X)) + Uaux(G(Ti(X)|T→i(X)) → G+
i (Ti(X)|T→i(X))), (B.21)

where Uaux is an uniform random variable independent of the data and

G(ti|t→i) = Pς0(Ti(X) ∈ t|T→i(X) = t→i) G+(ti|t→i) = lim
u↖ti

G(u|t→i).

We argue that this p-value is selectively dominant given Z. Fix a distribution P in the null. If we

consider some selection function s(x, z) such that P (S = 1) = 0, then (4.3) holds trivially. Instead consider

the case that P (S = 1) > 0 and let fz(x) denote the conditional PDF of p given Z = z. Proposition B.15.1

along with Lemma B.15.3 tells us exactly that for z such that
∫ 1
0 s(x, z)fz(x)dx > 0,

∫ t
0 s(x, z)fz(x)

∫ 1
0 s(x, z)fz(x)

⇒

∫ t
0 s(x, z)

∫ 1
0 s(x, z)

for all t ↑ [0, 1].

Arguments in Appendix B.19.1 and Appendix B.19.2 then tell us that the following three facts are true a.e.

under P (·|S = 1): (1)
∫ 1
0 s(x, Z)fZ(x)dx > 0 , (2) the left-hand side of the above equals the left-hand side
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of (4.3), and (3) the right-hand side of the above equals the right-hand side of (4.3). Combined these facts

imply that p is selectively dominant given Z.

B.15.3 Monotonicity of selective MLR p-values

In this sub-section, we consider data (X, Z) where the conditional distribution X|Z = z ⇐ Pς,z is

parameterized by θ ↑ R and has an MLR in T (x). Because we do everything conditional on Z = z, without

loss of generality we can just work with X and understand that the results will hold a.e. over Z. Letting

Gς0(t) = Pς0(T (X) ∈ t) Gς0,+(t) = lim
u↖t

Gς0(u)

we let

pς0 = Gς0,+(T (X)) + Uaux(G
ς0(T (X)) → Gς0,+(T (X)))

be the UMP p-value for testing H0 : θ ⇒ θ0. Again, Uaux is a uniform random variable independent of the

data. Let

mς0(t, u) = Gς0,+(t) + u(Gς0(t) → Gς0,+(t))

be the map such that mς0(T (X), U) = pς0 .

Considering a class of selection functions sς0(x) such that
∫ 1
0 sς0(x) > 0 (when Z is present we need

∫ 1
0 sς0(x, Z) > 0 almost surely), we want to show that the selective p-values from Theorem 5,

pς0sel =

∫ pϖ0

0 sς0(x)dx
∫ 1
0 sς0(x)dx

,

are monotone non-decreasing in θ0. Specifically, we will show that this is true when the selection function

sς0(x) is independent of θ0 once written in terms of the data (i.e., selection can be stated in terms of the

data without reference to the null parameter being tested). Formally, we establish monotonicity whenever

there exists s̃(·, ·), independent of θ0, such that

sς0(x) = s̃(t, u) for all t, u with x = mς0(t, u),

Like before, we now consider some fixed θ ⇒ θ0 and let gς(T (x)) be the non-increasing function that

equals the likelihood ratio pς(x)/pς0(x) on the support. The next lemma allows us to rewrite the selective

p-value in a useful way.

Lemma B.15.7. Letting Er,s = {(t, u) : t > r or t = r and u ⇒ s}. For any t and u such that mς(t, u) = y,

∫ y

0
sς(x)dx =

∫

Et,u

gς(t)s̃(t, u)5(dt, du).

Proof. First we handle the case that sς(x) = I(x ↑ Bς) is an indicator of membership to some set. Then

the left-hand side of the equation is the Lebesgue measure of the set {x : x ⇒ y} intersected with Bς. By

Lemma B.15.3 this is the same as the probability under Pς of the p-value pς being at most y and in Bς.

By our choice of t and u, the set di!erence between Et,u and the set {(t, u) : mς0(t, u) ⇒ y} is measure

zero under Pς. Thus by Lemma B.15.5 and how s̃ is defined, the right-hand side of the equation is also the
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probability probability under Pς of the p-value pς being at most y and in Bς. We again get the result for

general selection functions sς(x) by applying the standard machine.

According the the previous lemma,

pςsel =

∫ pϖ

0 sς(x)dx
∫ 1
0 sς(x)dx

=

∫
ET (X),Uaux

gς(t)s̃(t, u)5(dt, du)
∫

gς(t)s̃(t, u)5(dt, du)

Hence it would su”ce to show that for all r and s,

∫
Er,s

gς(t)s̃(t, u)5(dt, du)
∫

gς(t)s̃(t, u)5(dt, du)

is monotone in non-decreasing in θ. This is the subject of our next lemma.

Lemma B.15.8. For any r and s, the quantity

∫
Er,s

gς(t)s̃(t, u)5(dt, du)
∫

gς(t)s̃(t, u)5(dt, du)

is monotone non-decreasing in θ.

Proof. The proof strategy is the same as our earlier results. We would like to show that

∫
Er,s

gς(t)s̃(t, u)5(dt, du)
∫

gς(t)s̃(t, u)5(dt, du)
⇒

∫
Er,s

gς0(t)s̃(t, u)5(dt, du)
∫

gς0(t)s̃(t, u)5(dt, du)

If the numerator of the left-hand side is zero then the inequality must hold. In the other case we see that

∫
gς(t)s̃(t, u)5(dt, du)∫

Er,s
gς(t)s̃(t, u)5(dt, du)

= 1 +

∫
Ec

r,s
gς(t)s̃(t, u)5(dt, du)

∫
Er,s

gς(t)s̃(t, u)5(dt, du)

∈ 1 +
gς(r)

∫
Ec

r,s
s̃(t, u)5(dt, du)

gς(r)
∫
Er,s

s̃(t, u)5(dt, du)

= 1 +

∫
Ec

r,s
s̃(t, u)5(dt, du)

∫
Er,s

s̃(t, u)5(dt, du)

=

∫
gς0(t)s̃(t, u)5(dt, du)∫

Er,s
gς0(t)s̃(t, u)5(dt, du)

where we have noted that if (t, u) ↑ Er,s then t ∈ r and if (t, u) ↑ Er,s then t ⇒ r, and also that gς0(t) = 1

almost everywhere in the measure 5.

B.16 Selecting multiple p-values for inference

In this appendix, we generalize our selective dominance framework to allow us to select multiple p-values

for inference.
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Suppose we have k p-values for the nulls H0,i that are selectively dominant given some common Z. We

require that these p-values are conditionally independent given Z. Define k binary selection random variables

Sj ↑ {0, 1}, where Sj = 1 when pj is selected. The relationship between pj , Z, and Sj is governed by the

selection functions 1

sj(x, z) = p(Sj = 1|pj = x, Z = z)

Furthermore, we demand that the di!erent selections happen independently, i.e.,

P (S1 = 1, . . . , Sk = 1 | p1, . . . , pk, Z) =
k

j=1

P (Sj = 1 | pj , Z) a.e. under P (B.22)

Define the selective p-values from Theorem 5 psel,j =
∫ pj

0 sj(x, Z)dx/
∫ 1
0 sj(x, Z)dx. Our goal is to show

that these selective p-values remain independent and are also valid p-values after selection:

P
△

k
i=1H0,i

(psel,1 ⇒ t1, . . . , psel,j ⇒ t1|S1 = 1, . . . , Sj = 1) ⇒
k

j=1

tj for all t ↑ [0, 1]k (B.23)

Fix a distribution P in the global null. As this statement is vacuously true when P (S1 = 1, . . . , Sj =

1) = 0, it su”ces to suppose that P (S1 = 1, . . . , Sj = 1) > 0, in which case we can define the conditional

probability measures

Q(A) = P (A|S1 = 1, . . . , Sk = 1) =
P (A, S1 = 1, . . . , Sk = 1)

P (S1 = 1, . . . , Sk = 1)

and

Qj(A) = P (A|Sj = 1) =
P (A, Sj = 1)

P (Sj = 1)

Note that Q is absolutely continuous with respect to all the Qj and also P , so any statement which is true

a.e. under any Qj or a.e under P is also true a.e. under Q.

By taking expectations of (B.22) conditional on Z with respect to both sides, we find that the Sj are

independent given Z a.e. under P (and thus also a.e. under Q). The following equalities hold a.e. under P .

P (S1 = 1, . . . , Sk = 1 | Z) = E[P (S1 = 1, . . . , Sk = 1|p1, . . . , pk, Z) | Z]

= E




k

j=1

P (Sj = 1|pj , Z)

∣∣∣∣∣∣
Z



 (Equation (B.22))

=
k

j=1

E[P (Sj = 1|pj , Z)] (pj conditionally independent given Z)

=
k

j=1

P (Sj = 1|Z)

where we have used that the pj are conditionally independent given Z to move the expectation inside the

product.

Now, we recall from Appendix B.19.1 that the selective p-value psel,j is a continuous function of pj for

1
Again, formally s(pj , Z) = E[S|pj , Z].
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a.e. Z under Qj , and therefore this is true for a.e. Z under Q. Namely, we have for all t ↑ [0, 1]k that

Q(psel,1 ⇒ t1, . . . , psel,k ⇒ tk|Z) = Q(p1 ↑ A1,Z,t, . . . , pk ↑ Ak,Z,t|Z) a.e. under Q

To be specific, for z such that
∫ 1
0 sj(x, z)dx > 0, the Aj,z,t are Borel sets such that

∫ y
0 sj(x, z)/

∫ 1
0 sj(x, z) ⇒

tj ⇍ y ↑ Az. Now, the following equalities hold for all t ↑ [0, 1]k a.e. under Q:

EQ[I(p1 ↑ A1,Z,t) . . . I(pk ↑ Ak,Z,t) | Z]

=
EP [I(p1 ↑ A1,Z,t)S1 . . . I(pk ↑ Ak,Z,t)Sk | Z]

EP [S1 . . . Sk | Z]
(Lemma B.19.1)

=
EP [I(p1 ↑ A1,Z,t) . . . I(pk ↑ Ak,Z,t)EP [S1 . . . Sk | p1, . . . , pk, Z]| | Z]

EP [S1 . . . Sk | Z]
(LoTE)

=
EP [I(p1 ↑ A1,Z,t)EP [S1 = 1|pk, Z] . . . I(pk ↑ Ak,Z,t)EP [Sk = 1|pk, Z]| | Z]

EP [S1 . . . Sk | Z]
(Equation (B.22))

=
k

i=1

EP [I(pi ↑ Ai,Z,t)EP [Si = 1|pi, Z]|Z]

EP [Si,Z |Z]
(earlier result)

=
k

i=1

EP [I(pi ↑ Ai,Z,t)Si|Z]

EP [Si|Z]
(LoTE)

=
k

i=1

EQi [I(pi ↑ Ai,Z,t)|Z] (Lemma B.19.1)

=
k

i=1

EQi [I(psel,i ⇒ ti)|Z] (earlier reasoning)

⇒

k

i=1

ti (Theorem 5)

Of course, the fact that

P (psel,1 ⇒ t1, . . . , psel,k ⇒ tk|Z, S1 = 1, . . . , Sj = 1) ⇒
k

j=1

tj for all t ↑ [0, 1]k a.e. under Q

is su”cient to imply (B.23).

B.16.1 Adaptive versions of Fisher’s combination test

We can use our generalized framework to come up with variants of Fisher’s combination test that are more

powerful when some null p-values are conservative (i.e., they have super-uniform distributions). Corollary 10,

which is of similar flavor to the conditional inference on winners procedure, gives a conditional version of

Fisher’s combination test that only uses the bottom k p-values for inference. In Corollary 10 s procedure, k

must be pre-specified.
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(a) ς = 3 (b) ς = 5 (c) ς = 10

Figure B.3: For ς = 3 (left), ς = 5 (middle), and ς = 10 (right), power of the k = 3 conditional, φ = 0.5
truncated, and original Fisher’s combination test for data drawn from N(µ, I10) with µ1 = · · · = µϑ varying
according to the x-axis and µϑ+1 = · · · = µn = →2. Power results from an average over N = 104 trials, error
bands (barely visible) denote one standard error, and the level ω = 0.1 is denoted by the dashed line.

Corollary 10 (Fisher’s top-k combination test). Suppose that pi are n independent and selectively dominant

p-values for the nulls H0,i, and let H0,(j) denote the null corresponding to the jth smallest p-value (with ties

broken randomly). For some fixed k ⇒ n, rejecting the data-dependent global null ∀k
j=1H0,(j) (and therefore

also the global null ∀n
i=1H0,i) when

→2
k∑

j=1

log(p(j)/p(k+1)) ∈ Quantile(1 → ω, ϱ2
2k) (B.24)

controls Type I error at level ω conditional on the indices of the smallest k p-values (and therefore also

marginally).

Examining (B.24), we see that when the (k+1)st p-value provides essentially no evidence against the null

(so p(k+1) ∃ 1), running Corollary 10’s test is like running Fisher’s test using just the bottom k p-values and

ignoring that any selection took place. In this case, our test statistic will be essentially identical to Fisher’s

original test statistic, but the critical value required for rejection will be much smaller. On the flip-side, if

many of the p(j) for j ⇒ k are not su”ciently smaller than p(k+1), then Corollary 10’s test statistic will be

small and the test will fail to reject.

Another approach to improving Fisher’s combination test is truncation: only use a p-value for inference

if it is below some fixed threshold φ ↑ R [Zaykin et al., 2002]. Corollary 11, which is identical to the test

from Proposition 2 of Zhao et al. [2019], gives a version of Fisher’s truncated combination test that is still

valid whenever the p-values are independent and selectively dominant 2.

Corollary 11. Suppose that pi are n independent and selectively dominant p-values for the nulls H0,i, and

fix n thresholds φi ↑ [0, 1]. Letting j ↑ J denote the random set of indices for which pj ⇒ φj, rejecting the

data-dependent global null ∀j↔JH0,j (and therefore also the global null ∀n
i=1H0,i) when

→2
k∑

j=1

log(pj/φj) ∈ Quantile(1 → ω, ϱ2
2|J|)

2
We give a variant that is valid conditional on which p-values are selected. If we just care about rejecting the global null

↓n

i=1H0,i, we can give a more powerful test via marginalization, as Zaykin et al. [2002] do.
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controls Type I error at level ω conditional on J (and therefore also marginally).

If some pj are substantially lower than their truncation point φj but most are above it, then Corollary 11

will be powerful. In this case, Corollary 11’s test will have a slightly smaller statistic compared to Fisher’s

original combination test, but a much smaller critical value. Hence, the truncated Fisher test is most

powerful when some p-values come from strong alternatives but many come from conservative nulls. As

such, Corollary 11 generalizes the truncated Fisher test to the settings where it is most applicable. On the

flip-side, if most of the pj are below φj , the truncated test statistic will pay a penalty due to selection, while

the critical value required for rejection will remain essentially unchanged compared to Fisher’s original test.

To illustrate the benefits and drawbacks of these methods, we display their power alongside that of

Fisher’s original test for a simple n = 10 dimensional Gaussian problem. We sample X ⇐ N(µ, In) and use

the p-values pi = 1 → #(Xi) try and detect the existence of a positive mean. For ς ↑ {3, 5, 10}, we vary

the strength µ1 = · · · = µϑ > 0 of our signals and set µϑ+1 = · · · = µn = →2 to be conservative nulls. We

do inference using the bottom k = 3 p-values for the conditional version of Fisher’s method and set the

truncation φ = 0.5 for the truncated version (i.e., we include pi for which Xi > 0). The results are displayed

in Figure B.3.

As expected, the new methods outperform Fisher’s original method when conservative nulls are present.

When ς = 3 and the bottom three p-values are much smaller than the rest, the conditional method does

incredibly well. As expected, its performance quickly degrades when ς = 5, 10 and the fourth smallest p-value

becomes close to the bottom three. The truncated method is more robust, and still considerably improves

power when ς = 5. Unsurprisingly, both selective methods perform worse than Fisher’s original method

when ς = 10 and every µi is a signal (i.e., all p-values are sub-uniform).

B.16.2 Proof of Corollary 10

Suppose we have n independent and selectively dominant p-values pi for the nulls H0,i. We consider a

subset pi1 , . . . , pik of them to use for inference. Denoting the remaining as Z = (pik+1 , . . . , pin), we have

that pi1 , . . . , pik are conditionally independent given Z. We select the pij for j ⇒ k to use for inference when

they are smaller than all the p-values in Z, i.e., we use the selection functions sj(x, z) = I(x ⇒ mink zk).

For these selection functions, the condition Equation (B.22) is obviously satisfied, and Equation (B.23) tells

us that, under the global null ∀k
j=1H0,ij , the selective p-values pij/ minϑ ≃↔{i1,...,ik} pϑ are independent and

valid p-values after selection. In particular, if we denote the 1 → ω quantile of the ϱ2
d distribution as Qd, a

consequence of Equation (B.23) is that

P
△

k
j=1H0,ij

(→2
k∑

j=1

log(pij/ min
ϑ ≃↔{i1,...,ik}

pϑ) ∈ Q2k|Si1 = 1, . . . , Sik = 1) (B.25)

To show conditional error control, we first note that if ∀k
j=1H0,ij is false, then trivially

P (falsely reject ∀
k
i=1 H0,(i)|Si1 = 1, . . . , Sik = 1) = 0 ⇒ ω.

For the case that ∀k
j=1H0,ij is true, then the event Si1 = 1, . . . , Sik = 1 is the same as selecting the pi1 , . . . , pik
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for inference in (B.25), so

P (falsely reject ∀
k
i=1 H0,(i)|Si1 = 1, . . . , Sik = 1)

= P (→2
k∑

j=1

log(p(j)/p(k+1)) ∈ Q2k|Si1 = 1, . . . , Sik = 1)

= P (→2
k∑

j=1

log(pij/ min
ϑ ≃↔{i1,...,ik}

pϑ) ∈ Q2k|Si1 = 1, . . . , Sik = 1)

⇒ ω.

Now, letting J denote the set of indices of the bottom k p-values, It follows from the definition of conditional

expectation that P (A|J) = P (A|Sj = 1 for all j ↑ J) a.e. under P , and the above therefore implies that

P (falsely reject ∀
k
i=1 H0,(i)|J) ⇒ ω a.e. under P . Marginal error control then follows from the law of total

expectation.

To see that the same applies for the global null repeat the same argument and replace any mentions of

∀
k
j=1H0,ij and ∀

k
j=1H0,(j) with ∀

n
i=1H0,i.

B.16.3 Proof of Corollary 11

Suppose we have n independent and selectively dominant p-values pi for the nulls H0,i. We select pj to

use for inference when it is smaller than some pre-specified threshold φj , i.e., we use the selection functions

sj(x) = I(x ⇒ φj). Let Sj be the indicator that the jth p-value is selected and J be the random set of indices

of the selected p-values. For these selection functions, the condition (B.22) is obviously satisfied, and (B.23)

tells us that, under the global null ∀k
j=1H0,ij , the selective p-values pij/φj are independent and valid p-values

after selection. In particular, if we denote the 1 → ω quantile of the ϱ2
d distribution as Qd, a consequence of

Equation (B.23) is that

P
△

k
j=1H0,ij

(→2
k∑

j=1

log(pij/φj) ∈ Q2k|Si1 = 1, . . . , Sik = 1)

To show conditional error control, we first note that if ∀k
j=1H0,ij is false, then trivially

P (falsely reject ∀
k
j↔J H0,j |Si1 = 1, . . . , Sik = 1) = 0 ⇒ ω.

For the case that ∀k
j=1H0,ij is true, then the event Si1 = 1, . . . , Sik = 1 is the same as selecting the pi1 , . . . , pik

for inference in (B.16.3), so

P (falsely reject ∀
k
j↔J H0,j |Si1 = 1, . . . , Sik = 1)

= P (→2
∑

j↔J

log(pj/φj) ∈ Q2k|Si1 = 1, . . . , Sik = 1)

= P (→2
k∑

j=1

log(pij/φj) ∈ Q2k|Si1 = 1, . . . , Sik = 1)

⇒ ω.
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It follows from the definition of conditional expectation that P (A|J) = P (A|Sj = 1 for all j ↑ J) a.e. under

P , and the above therefore implies that P (falsely reject ∀j↔J H0,j |J) ⇒ ω a.e. under P . Marginal error

control then follows from the law of total expectation.

To see that the same applies for the global null repeat the same argument and replace any mentions of

∀
k
j=1H0,ij and ∀j↔JH0,j with ∀

n
i=1H0,i.

B.17 Simultaneous approach

For sake of comparison, we consider simultaneous inference approaches that leverage the known covariance

structure &.

B.17.1 Tukey’s test

The typical simultaneous inference approach that is cognizant of the covariance structure & is Tukey’s

honestly significant di!erence (HSD) test [Tukey, 1951]. Tukey’s test, once adapted to our problem, enables

us to reject ∋i↔S,j ≃↔SHϱ
ij whenever

min
i↔S,j ≃↔S

Xi → Xj → ⇀

vij
∈ h1→ω, h1→ω = Quantile


1 → ω, max

i ≃=j

|Zi → Zj |

vij


with Z = X → µ. (B.26)

We justify that rejecting ∋i↔S,j ≃↔SHϱ
ij whenever (B.26) is satisfied is an error controlling procedure later. In

contrast, our selective test is guaranteed to reject ∋i↔S,j ≃↔SHϱ
ij at least whenever

min
i↔S,j ≃↔S

Xi → Xj → ⇀

vij
∈ z1→ω/2, z1→ω/2 = Quantile (1 → ω, Z) with Z ⇐ N(0, 1) (B.27)

When n = 2, these two rejection regions coincide. But as soon as n > 2, the quantile h1→ω becomes strictly

larger than z1→ω/2, and our test’s rejection region becomes a strict superset of Tukey’s HSD rejection region.

In the case that the Xi are independent, the growth of h1→ω is at least on the order of
↓

log n (we will show

this later). The quantile z1→ω/2 that our procedure uses, however, stays fixed.

B.17.2 A refinement of Tukey’s HSD

Based o! of the approach in Bofinger [1983, 1985b] and Hsu [1981b], we derive an approach that dominates

Tukey’s HSD test. These earlier works assume an isotropic covariance. To handle the case with general

covariances, we will have to come up with a slightly di!erent procedure than what currently exists in the

literature. It is not tractable, but it still helps inform us of the limits of simultaneous inference.

Let Z = X→µ be a centered version of X, so that Z ⇐ N(0, &), and let ) denote the set of permutations

over n elements. Defining

q1→ω = max
◁↔$

Quantile



1 → ω, max





Z◁↓1(K) → Z◁↓1(K+1)

v◁↓1(K),◁↓1(K+1)
, max
i∋K+1,
j⇔K

Z◁↓1(i) → Z◁↓1(j)

v◁↓1(i),◁↓1(j)








 , (B.28)
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we argue that we can safely draw the inference mini↔S µi > maxj ≃↔S µj + ⇀ whenever

min
i↔S,j ≃↔S

Xi → Xj → ⇀

vij
∈ q1→ω. (B.29)

Assume that the entries of µ are sorted (with ties dealt with arbitrarily). Define I ⇓ to be the largest

index in S (corresponding to the smallest mean) and J ⇓ to be the smallest index not in S (corresponding to

the largest mean). Define I ↑ S and J ↑ S to be the indices that minimize Xi→Xj→ϱ
vij

for i ↑ S and j ↑ S. A

false rejection happens exactly when XI→XJ→ϱ
vIJ

> q1→ω and also µI↔ → µJ ↔ → ⇀ ⇒ 0. Note that I ⇓ ∈ K, and

I ⇓ = K ≠ J ⇓ = K + 1 and I ⇓ > K ≠ J ⇓
⇒ K. With this in mind, we can bound

P (false rejection) = P


µI↔ → µJ ↔ → ⇀ ⇒ 0,

XI → XJ → ⇀

vIJ
→ q1→ω ∈ 0



⇒ P


µI↔ → µJ ↔ → ⇀

vI↔J ↔
⇒ 0,

XI↔ → XJ ↔ → ⇀

vI↔J ↔
→ q1→ω ∈ 0



⇒ P


µI↔ → µJ ↔ → ⇀

vI↔J ↔
⇒

XI↔ → XJ ↔ → ⇀

vI↔J ↔
→ q1→ω



⇒ P


q1→ω ⇒

XI↔ → µI↔

vI↔J ↔
→

XJ ↔ → µJ ↔

vI↔J ↔



⇒ P


q1→ω ⇒

ZI↔ → ZJ ↔

vI↔J ↔



⇒ P



q1→ω ⇒ max





ZK → ZK+1

vK,K+1
, max
i∋K+1,
j⇔K

Zi → Zj

vij










⇒ ω

where the last inequality follows from the definition of q1→ω.

Having proven the validity of this simultaneous method, we make two points. First, we could not use the

1 → ω quantile of

max





ZK → ZK+1

vK,K+1
, max
i∋K+1,
j⇔K

Zi → Zj

vij






in our procedure because, in the non-isotropic covariance case, computing this quantile requires us to know

how to order the samples by their means. Second, q1→ω is certainly at most

h1→ω = Quantile


1 → ω, max

i ≃=j

|Zi → Zj |

vij


, (B.30)

which justifies the validity of the Tukey’s HSD variant that we proposed earlier.

Now, let us compare our selective test to this simultaneous approach. It is easy to see that q1→ω ∈ z1→ω/2,

where the inequality is strict exactly when n > 2. Therefore, the rejection region (B.27) matches the

simultaneous rejection region (B.29) when n = 2, and is a strict superset of it when n > 2.

In the case that the Xi are independent, we can more explicitly quantify the di!erence in the two rejection

regions. Suppose that n is arbitrarily large and, without loss of generality, that K < n/2 (the case that

K ∈ n/2 can be handled with an identical argument). Let 2 be the permutation such that 2→1(K) satisfies
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&◁↓1(K),◁↓1(K) ⇒ &m,m for all m. Then,

max





Z◁↓1(K) → Z◁↓1(K+1)

v◁↓1(K),◁↓1(K+1)
, max
i∋K+1,
j⇔K

Z◁↓1(i) → Z◁↓1(j)

v◁↓1(i),◁↓1(j)






∈ max
i∋K+1

Z◁↓1(i) → Z◁↓1(K)

v◁↓1(i),◁↓1(K)

∈ max
i∋K+1

Z◁↓1(i)

v◁↓1(i),◁↓1(K)
→ max

i∋K+1

Z◁↓1(K)

v◁↓1(i),◁↓1(K)

∈ max
i∋K+1

Z◁↓1(i)

v◁↓1(i),◁↓1(K)
→ max

i∋K+1

Z◁↓1(K)I(Z◁↓1(K) > 0)

v◁↓1(i),◁↓1(K)

= max
i∋K+1

Z◁↓1(i)I(Z◁↓1(i) > 0)

v◁↓1(i),◁↓1(K)
→

Z◁↓1(K)I(Z◁↓1(K) > 0)
↓

2
√

&◁↓1(K),◁↓1(K)

+ op(1)

∈ max
i∋K+1

Z◁↓1(i)I(Z◁↓1(i) > 0)
↓

2
√

&◁↓1(i),◁↓1(i)

+ Op(1)

∈
1
↓

2
max

i∋K+1

Z◁↓1(i)√
&◁↓1(i),◁↓1(i)

+ Op(1)

= O(
√

log n) + Op(1)

where the last equality follows from applying standard extreme value theory results regarding the concen-

tration of the maximum of independent standard Gaussians [Haan and Ferreira, 2006] and the fact that

n→K ∈ n/2 per our assumption. As a consequence, q1→ω must grow at least on the order of
↓

log n as well.

This implies that, in the independent case, the HSD quantile (B.30) grows at least on the order of
↓

log n

also.

B.18 Confidence lower bound for rank verification

By inverting the test (6.3) for di!erent values of ⇀ (i.e., considering the set of ⇀ for which we fail to

reject), we get a confidence region for the gap mini↔S µi → maxj ≃=S µj that is valid conditional on S. It is

not immediately clear, however, that this region will result in a confidence lower bound (i.e., there is some

smallest ⇀ for which we fail to reject). We provide an argument that it does.

Appendix B.15.3 tells us that, because our original marginal p-values pϱij in (B.36) come from the UMP

test in a MLR family, and because our selection event does not depend on the parameter ⇀ we are testing,

the selective p-values pϱsel,ij from (B.37) are non-decreasing in ⇀. If, for i ↑ S and j ↖↑ S we define

µ̂ij =






≃, pϱsel,ij < ω for all ⇀,

→≃, pϱsel,ij > ω for all ⇀,

sup{⇀ : pϱsel,ij = ω} otherwise,

then it is straightforward to argue that Theorem 9’s procedure will fail to reject if and only if ⇀ >

mini↔S,j ≃↔S µ̂ij . Therefore the inverted confidence region does indeed correspond to a confidence lower bound.
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B.19 Proofs

B.19.1 Proof of Theorem 5

First we prove a useful lemma.

Lemma B.19.1. For a measure P and an event B with P (B) > 0 define the conditional measure Q(E) =

P (E|B) = P (E ∀ B)/P (B). Then, for a random variable X,

Q(A|X) =
P (A, B|X)

P (B|X)
a.e. under Q

Proof. First note that EP [I(P (B|X) = 0)I(B)] = EP [I(P (B|X) = 0)EP [I(B)|X]] = 0, so P (B|X) > 0 a.e.

on the set I(B), Thus it must be the case that P (B|X) > 0 a.e. under Q. Now we can compute for any

Borel C that

EQ

[
P (A, B|X)

P (B|X)
I(P (B|X) > 0)I(X ↑ C)

]

= EP

[
P (A, B|X)

P (B|X)
I(P (B|X) > 0)I(X ↑ C)I(B)

]
/P (B) (standard machine)

= EP

[
P (A, B|X)

P (B|X)
I(P (B|X) > 0)I(X ↑ C)P (B | X)

]
/P (B) (tower property)

= EP [P (A, B | X)I(P (B|X) > 0)I(X ↑ C)]/P (B)

= P (A, B, P (B|X) > 0, X ↑ C)/P (B) (definition of conditional expectation)

= Q(A, P (B|X) > 0, X ↑ C) (definiton of Q)

= EQ[I(A)I(X ↑ C)] (P (B|X) positive Q a.e.)

= EQ[Q(A | X)I(X ↑ C)]. (definition of conditional expectation)

Thus P (A,B|X)
P (B|X) I(P (B|X) > 0) satisfies the definition of the conditional expectation of I(A) given X

under Q. Since I(P (B|X) > 0) = 1 a.e. under Q, we are done.

Equipped with this lemma, we can provide a proof.

Fix a probability distribution P in H0 and let fz(x) be the conditional PDF of p given Z = z. If

P (S = 1) = 0, then our convention is that P (psel ⇒ ω|Z, S = 1) and P (psel ⇒ ω|S = 1) are identically zero,

so the result is immediate.

Now consider the non-trivial case, where P (S = 1) > 0 and the conditional probability measure Q(A) =

P (A|S = 1) = P (A, S = 1)/P (S = 1) is well defined. We first show that (4.5) holds.

We start by showing that P (S⇓ = 1) > 0 also. First, we compute

EP [S|Z] = EP [EP [S|p, Z]|Z] = EP [s(p, Z)|Z] =

∫ 1

0
s(x, Z)fZ(x)dx

and likewise

EP [S⇓
|Z] = EP [EP [S|U, Z]|Z] = EP [s(U, Z)|Z] =

∫ 1

0
s(x, Z)dx.
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Whenever
∫ 1
0 fz(x)s(x, z)dx > 0, it must be the case this z that the function s(x, z) is not zero Lebesgue

almost everywhere in x. Therefore
∫ 1
0 s(x, z)dx > 0 ≠

∫ 1
0 fz(x)s(x, z)dx > 0. Thus we have both that

EP [S|Z] > 0 ≠ EP [S⇓
|Z] > 0 everywhere

and the contrapositive

EP [S⇓
|Z] = 0 ≠ EP [S|Z] = 0 everywhere P

Now, since P (S = 1) = EP [EP [S|Z]], it cannot be the case that EP [S|Z] = 0 a.e. under P . By the first

implication above we must then also have P (S⇓ = 1) = EP [EP [S⇓
|Z]] > 0 as well. Thus we can also define

the conditional probability measure Q⇓(A) = P (A|S⇓ = 1) = P (A, S⇓ = 1)/P (S⇓ = 1). Now, with both these

probability measures at our disposal, we prove two lemmas.

Lemma B.19.2. EP [S|Z] > 0 a.e. under Q and EP [S⇓
|Z] > 0 a.e. under Q⇓.

Proof. The fact that EP [S|Z] > 0 a.e. under Q follows from the fact that

P (EP [S|Z] = 0, S = 1) = EP [I(EP [S|Z] = 0)S]

= EP [I(EP [S|Z] = 0)EP [S|Z]]

= 0

The fact that EP [S⇓
|Z] > 0 a.e. under Q⇓ can be shown by an identical proof.

Lemma B.19.3. Q⇓(Z ↑ A) = 0 ≠ Q(Z ↑ A) = 0, and as a consequence Q⇓(Z ↑ A) = 1 ≠ Q(Z ↑

A) = 1

Proof. Since Q⇓(Z ↑ A) = P (Z ↑ A, S⇓ = 1)/P (S⇓ = 1), we have

Q⇓(Z ↑ A) = 0

⇍ P (Z ↑ A, S⇓ = 1) = EP [I(Z ↑ A)EP [S⇓
|Z]] = 0

⇍ I(Z ↑ A)EP [S⇓
|Z] = 0 a.e. under P

⇍ P (Z ↑ A, EP [S⇓
|Z] > 0) = 0

By our earlier results, however, P (Z ↑ A, EP [S|Z] > 0) ⇒ P (Z ↑ A, EP [S⇓
|Z] > 0) = 0. Thus P (Z ↑

A, EP [S|Z] > 0) = 0, and the same set of equivalences tell us that Q(Z ↑ A) = 0.

The consequence follows from the fact that Q⇓(Z ↑ A) = 1 ≠ Q⇓(Z ↑ Ac) = 0 ≠ Q(Z ↑ Ac) =

0 ≠ Q(Z ↑ A) = 1.

Now, define the function

FU |z,S↔=1(t) =

∫ t
0 s(x, z)dx

∫ 1
0 s(x, z)dx

so that psel = FU |Z,S↔(p). For z such that
∫ 1
0 s(x, z)dx > 0, the above is a monotone non-decreasing and
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continuous function of t. For such z, we can define its generalized inverse

F→1
U |z,S↔=1(x) = inf{t : FU |z,S↔=1(t) > x}

which satisfies FU |z,S↔=1(F
→1
U |z,S↔=1(x)) = x and FU |z,S↔=1(t) ⇒ x ⇍ t ⇒ F→1

U |z,S↔=1(x). By Lemma B.19.2

and the fact that EP [S⇓
|Z] > EP [S|Z] everywhere, FU |ZS↔=1(t) will be a continuous function of x with

probability one both under Q and Q⇓. The following string of equalities and inequalities then hold almost

surely under Q:

Q(FU |Z,S↔=1(p) ⇒ t|Z)

= Q(p ⇒ F→1
U |Z,S↔=1(t)|Z) (FU |ZS↔=1(t) continuous a.e. under Q)

⇒ Q⇓(U ⇒ F→1
U |Z,S↔=1(t)|Z) (selective dominance)

= t (Lemma B.19.1)

We justify the last equality. First we use Lemma B.19.1 to note that a.e. under Q⇓ we have

Q⇓(U ⇒ t|Z) =
P (U ⇒ t, S⇓ = 1|Z)

P (S⇓ = 1|Z)

=
EP [I(U ⇒ t)P (S⇓ = 1|U, Z)|Z]

EP [P (S⇓ = 1|U, Z)|Z]

=

∫ t
0 s(x, Z)dx

∫ 1
0 s(x, Z)dx

= FU |Z,S↔=1(t)

Thus a.e. under Q⇓ it holds that

Q⇓(U ⇒ F→1
U |Z,S↔=1(t)|Z) = FU |Z,S↔=1(F

→1
U |Z,S↔=1(t)) = t

Writing the event Q⇓(U ⇒ F→1
U |Z,S↔=1(t)|Z) = t as Z ↑ A for some Borel set A, Lemma B.19.3 tells us that

Q⇓(Z ↑ A) = 1 ≠ Q(Z ↑ A) = 1, which establishes the claim. Finally, we (4.6) from the law of total

expectation.

In the case that Q(p ⇒ t|Z) = t a.e. under Q, then by the same computations as earlier we can

directly compute that Q(p ⇒ t|Z) = FU |Z,S↔=1(t) a.e. under Q, and we can directly compute that Q(p ⇒

F→1
U |Z,S↔=1(t)|Z) = FU |Z,S↔=1(F

→1
U |Z,S↔=1(t)) = t a.e. under Q, i.e., we get exact equality a.e. under Q as

claimed in (4.7).

B.19.2 Proof of Theorem 6

Fix a probability distribution P in H0 and let fz(x) be the conditional PDF of p given Z = z. If

P (S = 1) = 0, then our convention is that P (p ⇒ ω|Z, S = 1) = 0, so (4.3) holds automatically. Thus we

can consider only selection functions s(x, z) for which P (S = 1) > 0. We argued in Appendix B.19.1 that

when P (S = 1) > 0 we also have P (S⇓ = 1) > 0. Correspondingly, we define the conditional measures
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Q(A) = P (A|S = 1) = P (A, S = 1)/P (S = 1) and Q⇓(A) = P (A|S = 1) = P (A, S = 1)/P (S = 1).

For now, consider fixed z for which
∫ 1
0 s(x, z)fz(x)dx > 0. For such z, we argued in Appendix B.19.1

that
∫ 1
0 s(x, z)fz(x)dx > 0 also. For such z, we argue that the inequality

∫ t
0 s(x, z)fz(x)dx

∫ 1
0 s(x, z)fz(x)dx

⇒

∫ t
0 s(x, z)dx

∫ 1
0 s(x, z)dx

holds for all t ↑ [0, 1]. If
∫ t
0 s(x, z)fz(x)dx = 0 then the inequality trivially holds. Otherwise, we see that

∫ 1
0 s(x, z)fz(x)dx
∫ t
0 s(x, z)fz(x)dx

= 1 +

∫ 1
t s(x, z)fz(x)dx
∫ t
0 s(x, z)fz(x)dx

∈ 1 +
fz(t)

∫ 1
t s(x, z)dx

fz(t)
∫ t
0 s(x, z)dx

= 1 +

∫ 1
t s(x, z)dx
∫ t
0 s(x, z)dx

=

∫ 1
0 s(x, z)dx
∫ t
0 s(x, z)dx

,

which is su”cient to imply the claim.

To finish the argument, we note by Lemma B.19.2 that E[S|Z] =
∫ 1
0 s(x, Z)fZ(x)dx > 0 a.e. under Q.

Applying Lemma B.19.1, we find that a.e. under Q

Q(p ⇒ t|Z) =
P (p ⇒ t, S = 1|Z)

P (S = 1|Z)

=
EP [I(p ⇒ t)P (S = 1|p, Z)|Z]

EP [I(p ⇒ t)P (S = 1|p, Z)|Z]

=

∫ t
0 s(x, Z)fZ(x)dx

∫ 1
0 s(x, Z)fZ(x)dx

and a.e. under Q⇓

Q⇓(U ⇒ t|Z) =
P (U ⇒ t, S⇓ = 1|Z)

P (S⇓ = 1|Z)

=
EP [I(U ⇒ t)P (S⇓ = 1|U, Z)|Z]

EP [P (S⇓ = 1|U, Z)|Z]

=

∫ t
0 s(x, Z)dx

∫ 1
0 s(x, Z)dx

But, we can write the event that Q⇓(U ⇒ t|Z) =
∫ t
0 s(x,Z)dx∫ 1
0 s(x,Z)dx

as Z ↑ A for some Borel set A, and Lemma B.19.3

tells us that since Z ↑ A is measure one under Q⇓ it is also measure one under Q. That is, we have a.e.
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under Q that

Q⇓(U ⇒ t|Z) =

∫ t
0 s(x, Z)dx

∫ 1
0 s(x, Z)dx

Combined, we have a.e. under Q that Q(p ⇒ t|Z) ⇒ Q⇓(U ⇒ t|Z), which is the desired claim.

Now we show the converse part of the statement. Again fix a probability distribution P in H0, and

suppose there is a set B such that P (Z ↑ B) > 0 and for all z ↑ B the conditional density fz is everywhere

continuous and not non-decreasing. More specifically, all we require is that for all z ↑ E, there are two

points y1(z) < y2(z) such that fz(x) is strictly larger in a neighborhood around y1(z) than in a neighborhood

around y2(z), and these neighborhoods are disjoint. In particular for ⇁ > 0 let Nε(y) = (y → ⇁, y + ⇁) be

a ball around y. Then we need there to be y1(z), y2(z), ⇁(z) > 0, and some 1(z) > 0 such that, for

all w1 ↑ Nε(z)(y1(z)) and w2 ↑ Nε(z)(y2(z)), w1 < w2 but fz(w2) + 1(z) < fz(w1). If fz is everywhere

continuous and not non-decreasing, this will be true. Define H(z) = inf{fz(w1) : w1 ↑ Nε(z)(y1(z))} and

L(z) = sup{fz(w2) : w2 ↑ Nε(z)(y2(z))} so H(z) > L(z). Then consider the selection function

s(x, z) =





1 if x ↑ Nε(z)(y1(z)) ∋ Nε(z)(y2(z)) and z ↑ B

0 otherwise .

We show that, for this selection function, selection happens with positive probability:

P (S = 1) = EP [EP [P (S = 1|p, Z)|Z]]

= EP [

∫ 1

0
s(x, Z)fZ(x)dx]

∈ EP [

∫ 1

0
s(x, Z)fZ(x)dxI(Z ↑ B)]

∈ EP [2⇁(Z)1(Z)I(Z ↑ B)] > 0

Thus the conditional probability measure Q and Q⇓ are well defined. Next we show that Q(Z ↑ E) = 1, so

we know that Z ↑ E a.e. under Q:

Q(Z ↑ E) =
P (Z ↑ E, S = 1)

P (S = 1)

=
EP [I(Z ↑ E)EP [P (S = 1|p, Z)|Z]]

EP [EP [P (S = 1|p, Z)|Z]]

=
EP [I(Z ↑ E)

∫ 1
0 s(x, Z)fZ(x)dx]

EP [
∫ 1
0 s(x, Z)fZ(x)dx]

=
EP [I(Z ↑ E)

∫ 1
0 s(x, Z)fZ(x)dx]

EP [I(Z ↑ E)
∫ 1
0 s(x, Z)fZ(x)dx]

= 1,

where we have noted that s(x, z) is zero everywhere if z ↖↑ E.

Finally, for z ↑ E, define t(z) to be a value such that t(z) > w1 for all w1 ↑ Nε(z)(y1(z)) and t(z) < w2
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for all w2 ↑ Nε(z)(y2(z)). We know from earlier that a.e. under Q

Q(p ⇒ t(Z)|Z) =

∫ t(Z)
0 s(x, Z)fZ(x)dx
∫ 1
0 s(x, Z)fZ(x)dx

,

where the numerator is at least 2⇁(Z)1(Z) > 0, so also a.e. under Q so,

1

Q(p ⇒ t(Z)|Z)
= 1 +

∫ 1
t(Z) s(x, Z)fZ(x)dx

∫ t(Z)
0 s(x, Z)fZ(x)dx

⇒ 1 +
2⇁(Z)L(Z)

2⇁(Z)H(Z)

< 2,

and

Q(p ⇒ t(Z)|Z) > 1/2.

On the other hand, we also have from above that a.e. under Q

Q⇓(U ⇒ t(Z)|Z) =

∫ t(Z)
0 s(x, Z)dx
∫ 1
0 s(x, Z)dx

=
2⇁(Z)

4⇁(Z)

= 1/2.

Thus we have shown that, a.e. under Q, there exists some t ↑ [0, 1] such that Q(p ⇒ t|Z) > Q⇓(U ⇒ t),

which means that p is not selectively dominant given Z.

B.19.3 Proof of Corollary 3

Suppose we have n independent and selectively dominant p-values pi for the null hypotheses H0,i. Suppose

we use pj to test H0,j only when we observe that pj is strictly larger than εn but still the smallest of all

the p-values. We can apply Chapter 4’s framework with p = pj , Z = p→j and the selection function

s(x, z) = I(εn < x < mink zk). It is straightforward to see that Theorem 5’s selective p-value is psel is

(pj → εn)/(mini ≃=j pi → εn), and Theorem 5 therefore tells us that

PH0,j


pj → εn

mini ≃=j pi → εn
⇒

ω → ε

1 → ε

∣∣∣∣ S = 1


⇒

ω → ε

1 → ε
.

Re-arranging things we get

PH0,j


pj ⇒

ω → ε

1 → ε
min
i ≃=j

pi +


1 →

ω → ε

1 → ε


εn

∣∣∣∣ S = 1


⇒

ω → ε

1 → ε
. (B.31)

Letting W be the index of the smallest p-value (with ties broken randomly), we can now prove the claim
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that rejecting H0,W when

p(1) ⇒
ω → ε

1 → ε
p(2) +


1 →

ω → ε

1 → ε


εn

controls Type I error at level ω. Considering any distribution P , let B be the event that a p-value corre-

sponding to a true null is at most εn. Then P (B) ⇒ ε and P (Bc) ∈ 1→ ε. If H0,j is false, we trivially have

have P (falsely reject H0,W |W = j, Bc) = 0 ⇒ (ω → ε)/(1 → ε). If H0,j is true, the event W = jandBc is the

same event as selecting pj for inference in (B.31), so

P (falsely reject H0,W |W = j, Bc) = P


p(1) ⇒

ω → ε

1 → ε
p(2) +


1 →

ω → ε

1 → ε


εn

∣∣∣∣ W = j, Bc



= P


pj ⇒

ω → ε

1 → ε
min
i ≃=j

pi +


1 →

ω → ε

1 → ε


εn

∣∣∣∣ W = j, Bc



⇒
ω → ε

1 → ε
.

Our result then follows from law of total probability:

P (falsely reject H0,W )

= P (falsely reject H0,W , B) + P (falsely reject H0,W , Bc)

⇒ P (B) + P (Bc)P (falsely reject H0,W |Bc)

⇒ P (B) + P (Bc)
n∑

j=1

P (falsely reject H0,W |W = j, Bc)P (W = j|Bc)

= P (B) + (1 → P (B))
ω → ε

1 → ε

n∑

j=1

P (W = j|Bc)

ω → ε

1 → ε
+

1 → ω

1 → ε
P (B)

⇒
ω → ε

1 → ε
+

1 → ω

1 → ε
ε

= ω.

B.19.4 Proof of Corollary 2 and Corollary 4

It su”ces to argue that closing our hybrid global null testing procedure rejects H0,(k) if and only if

p(j) ⇒
ω → ε

1 → ε
p(j+1) +


1 →

ω → ε

1 → ε


εn→j+1

for all j ⇒ k. We will define p(n+1) = 1 so that the right-hand side of the above equals ω when j = n.

Correspondingly, for subsets I ⇓ [p] of size one, we define the hybrid procedure to reject the global null HI,0

when the lone p-value is at most ω. For subsets I of size strictly more than one, supposing that the smallest

p-value in I is the ςth smallest p-value and the second smallest p-value in I is the mth smallest p-value, the

hybrid procedure rejects the global null HI,0 when

p(ϑ) ⇒
ω → ε

1 → ε
p(m) +


1 →

ω → ε

1 → ε


ε|I|.
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Necessity: For 1 ⇒ j ⇒ k, let In→j+1 be the size n→ j + 1 subset that excludes the j → 1 smallest p-values

(when j = 1 then I = [p]). This subset includes the index of the kth smallest p-value, so we must reject H0,I

to reject H0,(k). It rejects exactly when

p(j) ⇒
ω → ε

1 → ε
p(j+1) +


1 →

ω → ε

1 → ε


εn→j+1

so our conditions are necessary.

Su$ciency: Consider a subset I that contains the index of the kth smallest p-value. If it is size-one, then

we reject because

p(k) ⇒
ω → ε

1 → ε
p(k+1) +


1 →

ω → ε

1 → ε


εn→k+1 ⇒

ω → ε

1 → ε
+


1 →

ω → ε

1 → ε


ε = ω.

Now suppose that I is size n→ j + 1 for some j < n. Its smallest p-value is the ςth smallest p-value for some

ς ⇒ k and ς ⇒ j, and its second smallest p-value is the mth smallest p-value for some m > ς. We reject

because

p(ϑ) ⇒
ω → ε

1 → ε
p(ϑ+1) +


1 →

ω → ε

1 → ε


εn→ϑ+1

⇒
ω → ε

1 → ε
p(m) +


1 →

ω → ε

1 → ε


εn→j+1

=
ω → ε

1 → ε
p(m) +


1 →

ω → ε

1 → ε


ε|I|.

B.19.5 Proof of Theorem 7

We complete the proof in three steps.

Applying Neymann-Pearson

First we argue that it is su”cient to show that

lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

⇒ ω

)
∈ lim inf

n⇑⇐

P (1 → #(X(n)
1 ) ⇒ ω),

Our goal is to show that

lim inf
n⇑⇐

inf
↼↔Hn

P (▷↘

n rejects ) → P (▷n rejects ) ∈ 0,

or equivalently,

lim inf
n⇑⇐

P (▷↘

n rejects ) → sup
↼↔Hn

P (▷n rejects ) ∈ 0.

Defining the point nulls H(n)
0,i : µ(n)

i = 0, let H0 = ∀
n
i=1

H0 be the global point null that all the means are

identically zero, and also let Hn be the set of tests that maintain level ω Type I error when testing H0. Then

lim inf
n⇑⇐

P (▷↘

n rejects ) → sup
↼↔Hn

P (▷n rejects ) ∈ lim inf
n⇑⇐

P (▷↘

n rejects ) → sup
↼↔H̃n

P (▷n rejects ).
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The term sup↼↔H̃n
P (▷n rejects ) is the highest power that can be achieved by a level ω test trying to

distinguish between the point null that all the means are 0 and the alternative that the means are given

by µ(n). The most powerful test is given by Neymann-Pearson [Lehmann et al., 1986, Theorem 3.2.1], and

because µ(n)
j = 0 for j > 1, it is not hard to verify that it rejects when X1 is large (it is an identical

computation to [Lehmann et al., 1986, Example 3.2.1]). More specifically, this test will reject when 1 →

#(X(n)
1 ) ⇒ ω. Therefore

sup
↼↔H̃n

P (▷n rejects ) = P (1 → #(X(n)
1 ) ⇒ ω),

and it su”ces for us to show

lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

⇒ ω

)
→ P (1 → #(X(n)

1 ) ⇒ ω) ∈ 0,

where we have recalled that ▷↘

n rejects when (1 → #(X(n)
W ))/(1 → #(X(n)

R )) ⇒ ω.

Studying the conditional test

In this part of the proof, which is thanks to Rahul Kanekar, we argue that for any ⇁ > 0 there exists a

G such that whenever g ∈ G

xw ∈ z1→ω + ⇁ ≠
1 → #(xw)

1 → #(xw → g)
⇒ ω

To show this, we define a = →xw and study

#(a)

#(a + g)
=

#(xw)

1 → #(xw → g)

By L’Hopital’s rule, whenever g > 0 we have

lim
a⇑→⇐

#(a)

#(a + g)
= lim

a⇑→⇐

▷(a)

▷(a + g)
= lim

a⇑→⇐

e→a2/2

e→(a+g)2/2
= lim

a⇑→⇐

ega+ g2

2 = 0 (B.32)

Given this, fix g1 > 0 and consider R ⇒ zω → ⇁ such that #(a)/(#(a + g)) ⇒
ω
2 for all a ⇒ R. Because

#(a)/(#(a + g)) is decreasing in g for any fixed a, we have for all g ∈ g1 that

sup
a⇔R

#(a)

#(a + g)
⇒ sup

a⇔R

#(a)

#(a + g1)
⇒

ω

2
. (B.33)

Furthermore, for all a ↑ [R, zω → ⇁] and any g we have

#(a)

#(a + g)
⇒

#(zω → ⇁)

#(R + g)

We can take g2 large enough such that

#(zω → ⇁)

#(R + g2)
⇒ ω(1 → ⇁),
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so that for any g ∈ g2

sup
a↔[R,zε→ε]

#(a)

#(a + g)
⇒

#(zω → ⇁)

#(R + g)
⇒

#(zω → ⇁)

#(R + g2)
⇒ ⇁(1 → ω) (B.34)

Taking G = max(g1, g2) we see that whenever g ∈ G,

sup
a⇔zε→ε

#(a)

#(a + g)
⇒ max(ω(1 → ⇁),

ω

2
) < ω.

Correspondingly, we have that whenever g ∈ G,

sup
xw∋z1↓ε+ε

1 → #(xw)

1 → #(xw → g)
< ω,

which is su”cient to prove the claim.

Final probabilistic arguments

Now we can put everything together to prove the claim. Fix some ⇁ > 0 and take G to be such that

whenever g ∈ G then

xw ∈ z1→ω + ⇁ ≠
1 → #(xw)

1 → #(xw → g)
⇒ ω.

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

> ω

)
= P

(
1 → #(X(n)

W )

1 → #(X(n)
W → (X(n)

W → X(n)
R ))

> ω, X(n)
W → X(n)

R ∈ G

)
+ P (X(n)

W → X(n)
R < G)

= P

(
1 → #(X(n)

W )

1 → #(X(n)
W → (X(n)

W → X(n)
R ))

> ω, X(n)
W → X(n)

R < G

)
+ P (X(n)

W → X(n)
R ∈ G))

⇒ P (X(n)
W < z1→ω + ⇁, X(n)

W → X(n)
R < G) + P (X(n)

W → X(n)
R < G)

⇒ P (X(n)
W < z1→ω + ⇁) + P (X(n)

W → X(n)
R < G)

⇒ P (X(n)
1 < z1→ω + ⇁) + P (X(n)

W → X(n)
R < G)

Because X(n)
W → X(n)

R
p
→↘ ≃, we know that lim infn⇑⇐ P (X(n)

W → X(n)
R < G) = 0, and we can take the limit

on both sides to see that

lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

> ω

)
⇒ lim inf

n⇑⇐

P (X(n)
1 < z1→ω + ⇁)

Then, taking the infimum over ⇁ gives us that

lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

> ω

)
⇒ inf

ε>0
lim inf
n⇑⇐

P (X(n)
1 < z1→ω + ⇁)

If we knew that

inf
ε>0

lim inf
n⇑⇐

P (X(n)
1 < z1→ω + ⇁) = lim inf

n⇑⇐

P (X(n)
1 < z1→ω),
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then we would be done:

lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

> ω

)
⇒ lim inf

n⇑⇐

P (X(n)
1 < z1→ω)

⇍ lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

⇒ ω

)
∈ lim inf

n⇑⇐

P (X(n)
1 ∈ z1→ω)

⇍ lim inf
n⇑⇐

P

(
1 → #(X(n)

W )

1 → #(X(n)
R )

⇒ ω

)
∈ lim inf

n⇑⇐

P (1 → #(X(n)
1 ) ⇒ ω)

The remainder of our argument is devoted to showing that this is the case. First we derive that

inf
ε>0

lim inf
n⇑⇐

P (X(n)
1 < z1→ω + ⇁) → P (X(n)

1 < z1→ω) = inf
ε>0

lim inf
n⇑⇐

P (z1→ω < X(n)
1 < z1→ω + ⇁)

= inf
ε>0

lim inf
n⇑⇐

#(z1→ω + ⇁ → µn
1 ) → #(z1→ω → µ(n)

1 )

= inf
ε>0

lim inf
n⇑⇐

⇁▷(ϑn)

where we have used the mean value theorem and ϑn is some value between z1→ω+⇁→µ(n)
1 and z1→ω→µ(n)

1 +⇁.

Because ▷(·) is bounded by 1, we must have

inf
ε>0

lim inf
n⇑⇐

P (X(n)
1 = inf

ε>0
⇁ lim inf

n⇑⇐

▷(ϑn) ⇒ inf
ε>0

⇁ = 0

Therefore

inf
ε>0

lim inf
n⇑⇐

P (X(n)
1 < z1→ω + ⇁) → P (X(n)

1 < z1→ω) = 0

≠ inf
ε>0

lim inf
n⇑⇐

P (X(n)
1 < z1→ω + ⇁) = inf

ε>0
lim inf
n⇑⇐

P (X(n)
1 < z1→ω) = lim inf

n⇑⇐

P (X(n)
1 < z1→ω).

and we are done.

B.19.6 Proof of Theorem 8

We will couple our random variables, so X(n)
i = Zi + µ(n)

i and consider the sequence of problems given

by

µ(n)
i =






log log n, i = 1,

log log n → 2
↓

log n, i = 2, . . . , ↔
↓

n↗

→n, otherwise
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We show the result for ⇀ = 1. To show it for ⇀ ↑ (0, 1), apply the same argument to the sequence of problems

µ(n)
i =






#→1(z1→ω) → #→1(z1→ϱ), i = 1,

#→1(z1→ω) → #→1(z1→ϱ) → 2
↓

log n, i = 2, . . . , ↔
↓

n↗

→n, otherwise

Prior to proving the result, we first need to recall facts from extreme value theory facts. Define Mn =

max1⇔i⇔n Xi and mn = min1⇔i⇔n Xi. It is known (see [Bovier, 2005, Lemma 1.2.1] that

an(Mn → bn)
d
→↘ L, an =

√
2 log n, bn =

√
2 log n →

log log n + log(42)

2
↓

log n

where L is a Gumbel distribution. Essentially, we can write

Mn = a→1
n Yn + bn

where Yn = Op(1) and converges in distribution to a Gumbel. Because mn
d
= →Mn we can also write

mn = a→1
n Wn → bn

where Wn = Op(1) and converges in distribution to →1 times a Gumbel. Letting q1→ω be the 1→ ω quantile

of a Gumbel distribution, we find that

z1→ωn = Quantile(1 → ω, Mn)

= a→1
n Quantile(1 → ω, Yn) + bn

= a→1
n (q1→ω + o(1)) + bn

=
√

2 log n + O


log log n
↓

log n



Now, we proceed by showing that three sequences of events of interest happen with probability one as

n ↘ ≃. Define

An = X(n)
1

Bn = max
2⇔i⇔↙

∝
n′

X(n)
i

Cn = min
2⇔i⇔↙

∝
n′

X(n)
i

Dn = max
↙
∝
n′+1⇔i⇔n

X(n)
i

• We see that

P (An > Bn) ∈ P (Z1+ > M↙
∝
n′ → 2

√
log n)

= P

Z1 → a→1

↙
∝
n′

Y↙
∝
n′ > b↙∝n′ → 2

√
log n


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Because Z1 → a→1
↙
∝
n′

Y↙
∝
n′ = Op(1) and b↙∝n′ → 2

↓
log n ↘ →≃, we have that

lim inf
n⇑⇐

P (An > Bn) ∈ lim inf
n⇑⇐

P

Z1 → a→1

↙
∝
n′

Y↙
∝
n′ > b↙∝n′ → 2

√
log n


= 1

≠ lim
n⇑⇐

P (An > Bn) = 1

• We see that

P (Cn > Dn) ∈ P (m↙
∝
n′ + log log n → 2

√
log n > Mn → n)

= P (a→1
↙
∝
n′

W↙
∝
n′ → a→1

n Yn > b↙∝n′ + bn + log log n → 2
√

log n → n)

Because a→1
↙
∝
n′

W↙
∝
n′ → a→1

n Yn = Op(1) and b↙∝n′ + bn + log log n → 2
↓

log n → n ↘ →≃, we have that

lim inf
n⇑⇐

P (Cn > Dn) ∈ lim inf
n⇑⇐

P (m↙
∝
n′ + log log n → 2

√
log n > Mn → n)

≠ lim
n⇑⇐

P (Cn > Dn) = 1

• We see that

P (An → Cn < 4z
1→ϖ(n)

n /2
) ∈ P (An → Cn < 4z1→ωn)

∈ P (Z1 → m↙
∝
n′ + 2

√
log n < 4z1→ωn)

= P (Z1 → a→1
↙
∝
n′

W↙
∝
n′ < 4z1→ωn → b↙∝n′ → 2

√
log n)

Because Z1 → a→1
↙
∝
n′

W↙
∝
n′ = Op(1) and 4z1→ωn → b↙∝n′ → 2

↓
log n ↘ ≃, we have that

lim inf
n⇑⇐

P (An → Cn < 4z
1→ϖ(n)

n /2
) ∈ lim inf

n⇑⇐

P (Z1 → a→1
↙
∝
n′

W↙
∝
n′ < 4z1→ωn → b↙∝n′ → 2

√
log n) = 1

≠ lim
n⇑⇐

P (An → Cn < 4z
1→ϖ(n)

n
/2) = 1

Based on the above we know that the sequence of events

Gn = {An > Bn > Cn > Dn and An → Cn < 4z
1→ϖ(n)

n
}

is such that

lim
n⇑⇐

P (Gn) = 1.

Formally, this can be shown by writing Gc as the union of finitely many events whose probabilities all tend

to zero, and applying a union bound.

We finish the proof by showing three things, that in junction imply the result.
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Assumption that X(n)
W (n) → X(n)

R(n)

p
→↘ ≃ holds

Fixing any constant K we see that

lim sup
n⇑⇐

P (X(n)
W (n) → X(n)

R(n) ⇒ K) ⇒ lim sup
n⇑⇐

P (An → Bn ⇒ B, Gn) + P (Gc
n)

⇒ lim sup
n⇑⇐

P (An → Bn ⇒ K)

So it su”ces to show that lim supn⇑⇐
P (An →Bn ⇒ K) = 0, or equivalently that lim infn⇑⇐ P (An →Bn >

K) = 1. We see that

P (An → Bn > K) ∈ P (Z1 → M↙
∝
n′ + 2

√
log n > K)

P (Z1 → a→1
↙
∝
n′

Y↙
∝
n′ > K + b↙∝n′ → 2

√
log n)

Because Z1 → a→1
↙
∝
n′

Y↙
∝
n′ = Op(1), and b↙∝n′ → 2

↓
log n.

lim inf
n⇑⇐

P (An → Bn > K) ∈ lim inf
n⇑⇐

P (Z1 → a→1
↙
∝
n′

Y↙
∝
n′ > K + b↙∝n′ → 2

√
log n) = 1

LSI is powerless

Note that on the event Gn, the number of observations that are within 4z
1→ϖ(n)

n /2
(i.e., the value N from

(5.5)) of the winner is at least ↔
↓

n↗ → 1. Leveraging this fact, we can use a union bound to show that LSI

is powerless in the limit. Recalling ◁(n) = ω → ε(n) and ◁(n)
k = 1 → (1 → ω)1/k, we have

P (▷LSI rejects) ⇒ P (▷LSI rejects, Gn) + P (Gc
n)

⇒ P (Z1 + log log n ∈ z1→ωn , Gn) + P (Z1 + log log n ∈ z
1→▷(n)

↘
≃

n⇐↓1

, Gn) + P (Gc
n)

⇒ 2P (Z1 ∈ z1→ω↘
≃

n⇐↓1
→ log log n) + P (Gc

n)

Because Z1 = Op(1), z1→ω↘
≃

n⇐↓1
→ log log n ↘ ≃, and also P (Gc

n) ↘ 0, we have

lim sup
n⇑⇐

P (▷LSI rejects) ⇒ lim sup
n⇑⇐

2P (Z1 ∈ z1→ω↘
≃

n⇐↓1
→ log log n) + P (Gc

n) = 0.

Other tests are powerful

The test that just uses the first coordinate attains power one:
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lim inf
n⇑⇐

inf
↼n↔Hn

→P (▷nrejects) = lim inf
n⇑⇐

sup
↼n↔Hn

P (▷nrejects)

∈ lim inf
n⇑⇐

P (1 → #(X(n)
1 ) ⇒ ω)

= lim inf
n⇑⇐

P (Z1 ∈ z1→ω → log log n)

= 1.

B.19.7 Proof of Proposition 3

First, we show that P (µ ↑ CRmarg
1→ω ) = 1 → ω. This is straightforward:

P (µ ↑ CRmarg
1→ω ) = P (X ↑ Rmarg

1→ω (µ))

= P (XW → µW ⇒ qmarg
1→ω (µ))

= 1 → ω

Now for the second part of the statement, let 1 ↑ Rn be the n-dimensional ones vector. Then

qmarg
1→ω (11) = Quantile(1 → ω, XW → µW )

= Quantile(1 → ω, max
1⇔i⇔n

Xi → 1)

= Quantile(1 → ω, max
1⇔i⇔n

(Xi → 1))

= Quantile(1 → ω, max
1⇔i⇔n

Zi)

= z1→ωn

where the Zi are i.i.d standard normal random variables. Therefore, if 1 > XW → z1→ωn , we must have

11 ↑ CRmarg
1→ω ,

1 ∈ XW → z1→ωn ≠ (11)W ∈ XW → qmarg
1→ω (11)

Since 1 → #(XW ) > ωn ≠ XW → z1→ωn < 0, this means we can find 1 < 0 such that 11 ↑ CRmarg
1→ω (X),

which finishes the proof.

B.19.8 Proof of Theorem 9

We show the equivalent statement that rejecting the the data dependent union null ∋i↔S,j ≃↔SHϱ
ij when

max
i↔S,j ≃↔S

[
1 → #(Dϱ

ij)
]
→



1 → #



Dϱ
ij → max

k↔S, ϑ ≃↔S:
↽ij,kω<0

1
↽ij,kω

D0
kϑ











1 → #



Dϱ
ij → min

k↔S, ϑ ≃↔S:
↽ij,kω>0

1
↽ij,kω

D0
kϑ







→



1 → #



Dϱ
ij → max

k↔S, ϑ ≃↔S
↽ij,kω<0

1
↽ij,kω

D0
kϑ









⇒ ω. (B.35)

ensures that, conditional on S, the probability of a false rejection is at most ω.
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Without loss of generality, we perform our analysis conditional on the specific event S = {1, . . . , K}

that the X1, . . . , XK are larger than the XK+1, . . . Xn. Our strategy will mimic that presented in Hung and

Fithian [2019a] and Fithian [2015]. First, for pairs i ⇒ K and j > K, we come up with a test for rejecting

Hϱ
ij that maintains error control conditional on S = {1, . . . , K}. We reject ∋i⇔K,j>KHϱ

ij when these tests

reject for all i ⇒ K, j > K. Lemma 4 of Hung and Fithian [2019a], which is adopted from Berger [1982],

ensures that in doing so we maintain error control conditional on S = {1, . . . , K}.

Fix some i ⇒ K and j > K. To design a test for rejecting Hϱ
ij that maintains error control conditional on

S = {1, . . . , K}, we will use the selective dominance machinery Chapter 4. Normally, to maintain marginal

Type I error control, we reject the null Hϱ
ij using the p-value

pϱij = 1 → #(Dϱ
ij). (B.36)

Defining

⇁ϱij,kϑ = D0
kϑ → 0ij,kϑD

ϱ
ij

it is straightforward to verify that the random vector ⇁ϱij , which consists of the entries ⇁ϱij,kϑ for pairs k ⇒ K

and ς > K, is independent of Dϱ
ij and therefore also pϱij . Since the p-value (B.36) corresponds to running

a one-sided uniformly most powerful (UMP) test in a monotone likelihood ratio family (MLR), Example 3

tells us that it is selectively dominant given Z = ⇁ϱij (where Z is the random vector such that Zkϑ = ⇁ϱij,kϑ).

All that remains to do is characterize when we are selecting the p-value pϱij to use for inference (i.e., when

S = {1, . . . , K}, what values is this p-value taking?). Theorem 5 then tells how to adjust the p-value to get

a selective p-value. Rejecting Hϱ
ij when this selective p-value is below ω maintains error control conditional

on S = {1, . . . , K}.

To do so, we consider k ⇒ K and ς > K and rewrite the event

Xk > Xϑ ⇍ D0
kϑ > 0

⇍ ⇁ϱij,kϑ + 0ij,kϑD
ϱ
ij > 0

This leads to three cases:

1. If 0ij,kϑ > 0 then Xk > Xϑ ⇍ Dϱ
ij > →

1
↽ij,kω

⇁ϱij,kϑ,

2. If 0ij,kϑ = 0 then Xk > Xϑ ⇍ ⇁ϱij,kϑ > 0,

3. If 0ij,kϑ < 0 then Xk > Xϑ ⇍ Dϱ
ij < →

1
↽ij,kω

⇁ϱij,kϑ

Ultimately, we see that

S = {1, . . . , K} ⇍ Xk > Xϑ for all k ⇒ K and ς > K

⇍ Dϱ
ij ↑



 max
k⇔K, ϑ>K:
↽ij,kω>0

→
1

0ij,kϑ
⇁ϱij,kϑ, min

k⇔K, ϑ>K:
↽ij,kω<0

→
1

0ij,kϑ
⇁ϱij,jϑ



 and min
k⇔K, ϑ>K:
↽ij,kω=0

⇁ϱij,kϑ > 0.

Essentially, the selection event S = {1, . . . , K} corresponds to selecting pϱij (B.36) to use for inference
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according to the selection function

s(x, z) =






1 if x ↑



1 → #



 min
k⇔K, ϑ>K:
↽ij,kω<0

→
1

↽ij,kω
zkϑ



 , 1 → #



 max
k⇔K, ϑ>K:
↽ij,kω>0

→
1

↽ij,kω
zkϑ







 and min
k⇔K, ϑ>K:
↽ij,kω=0

zkϑ > 0.

0 otherwise

Theorem 5 then tells us that the selective p-value is

pϱsel,ij =

[
1 → #(Dϱ

ij)
]
→



1 → #



 min
k⇔K, ϑ>K:
↽ij,kω<0

→
1

↽ij,kω
⇁ϱij,jk











1 → #



 max
k⇔K, ϑ>K:
↽ij,kω>0

→
1

↽ij,kω
⇁ϱij,jk







→



1 → #



 min
k⇔K, ϑ>K:
↽ij,kω<0

→
1

↽ij,kω
⇁ϱij,jk









.

Recalling the definition of ⇁ij,kϑ, we can rewrite this selective p-value as

pϱsel,ij =

[
1 → #(Dϱ

ij)
]
→



1 → #



Dϱ
ij → max

k⇔K, ϑ>K:
↽ij,kω<0

1
↽ij,kω

D0
kϑ











1 → #



Dϱ
ij → min

k⇔K, ϑ>K:
↽ij,kω>0

1
↽ij,kω

D0
kϑ







→



1 → #



Dϱ
ij → max

k⇔K, ϑ>K:
↽ij,kω<0

1
↽ij,kω

D0
kϑ









. (B.37)

Our proposed procedure of rejecting ∋
n
i⇔K,j>KHϱ

ij whenever (B.35) holds corresponds exactly to rejecting

when all these selective p-values are at most ω, establishing the validity of the procedure.

B.19.9 Proof of Theorem 10

We again without loss of generality perform our analysis conditional on the specific event S = {1, . . . , K}.

Again fix i ⇒ K and j > K. Recall that if a > b > c, then (b → c)/(a → c) ⇒ b/a. Using this fact, we can

bound every selective p-value (B.37):
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[
1 → #(Dϱ

ij)
]
→



1 → #



Dϱ
ij → max

k⇔K, ϑ>K:
↽ij,kω<0

1
↽ij,kω

D0
kϑ











1 → #



Dϱ
ij → min

k⇔K, ϑ>K:
↽ij,kω>0

1
↽ij,kω

D0
kϑ







→



1 → #



Dϱ
ij → max

k⇔K, ϑ>K:
↽ij,kω<0

1
↽ij,kω

D0
kϑ









⇒
1 → #(Dϱ

ij)

1 → #



Dϱ
ij → min

k⇔K, ϑ>K:
↽ij,kω>0

1
↽ij,kω

D0
kϑ





= max
k⇔K, ϑ>K:
↽ij,kω>0

1 → #(Dϱ
ij)

1 → #

Dϱ

ij →
1

↽ij,kω
D0

kϑ

 .

We restrict our attention to pairs k ⇒ K and ς > K such that 0ij,kϑ > 0 and further bound the term

inside the above maximium in two separate cases.

Case one: D
ω
ij ↑ D

0
kε. Since 1

↽ij,kω
∈ 1, in this case we have Dϱ

ij →
1

↽ij,kω
D0

kϑ ⇒ 0, so

1 → #(Dϱ
ij)

1 → #(Dϱ
ij →

1
↽ij,kω

D0
kϑ)

⇒
1 → #(Dϱ

ij)

1 → #(0)
⇒ 2 max

i⇔K,j>K
pϱij

Case two: D
ω
ij > D

0
kε. To handle this case we first show that

f(x) =
1 → #(x)

1 → #(x →
1

↽ij,kω
D0

kϑ)

is a non-increasing function of x. The derivative of the function is

f ⇓(x) =
▷(x)▷


x →

1
↽ij,jω

D0
kϑ




1 → #


x →

1
↽ij,kω

D0
kϑ

2



1 → #(x)

▷(x)
→

1 → #

x →

1
↽ij,kω

D0
kϑ



▷

x →

1
↽ij,kω

D0
kϑ





 ⇒ 0

where the inequality follows from the fact that the Mills ratio (1→#(x))/▷(x) is strictly decreasing [Baricz,

2008, Mills, 1926], and we always have

x > x →
1

0ij,kϑ
D0

kϑ

because 0ij,kϑ ∈ 0 and D0
kϑ ∈ 0. The non-positiveness of the derivative and the fact that Dϱ

ij > D0
kϑ implies

that
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1 → #(Dϱ
ij)

1 → #(Dϱ
ij →

1
↽ij,kω

D0
kϑ)

⇒
1 → #(D0

kϑ)

1 → #(D0
kϑ →

1
↽ij,kω

D0
kϑ)

⇒
1 → #(D0

kϑ)

1 → #(0)

⇒ 2 max
i⇔K,j>K

p0
ij .

where we have that D0
kϑ →

1
↽ij,kω

D0
kϑ ⇒ 0 because 1

↽ij,kω
∈ 1 and D0

kϑ ∈ 0.

To finish the proof of the theorem, we note that if ⇀ ∈ 0, then pϱij ∈ p0
ij for all i ⇒ K, j ∈ K, so

2 max
i⇔K,j>K

p0
ij ⇒ 2 max

i⇔K,j>K
pϱij

To finish the proof of the remark following the theorem, note that if ⇀ < 0, then p0
ij ∈ pϱij for all

i ⇒ K, j ∈ K, so

2 max
i⇔K,j>K

pϱij ⇒ 2 max
i⇔K,j>K

p0
ij

B.19.10 Proof of Corollary 5

First we show that because & is diagonal, for i, k ↖= j, ς that 0ij,kϑ ∈ 0. Defining cij,kϑ = Cov(Xi →

Xj , Xk → Xϑ), it su”ces to show that cij,kϑ ∈ 0. We see that

cij,kϑ = &iiIi=k + &jjIj=ϑ ∈ 0

This simplifies Theorem 9’s procedure considerably. Again, without loss of generality, we perform our

analysis conditional on S = {1, . . . , K}. Because, ⇀ = 0 and 0ij,kϑ ∈ 0 for i, k ⇒ K and j, ς > K, the

condition (B.35) is satisfied exactly when

max
i⇔K,j>K

1 → #(D0
ij)

1 → #



D0
ij → min

k⇔K, ϑ>K:
↽ij,kω>0

1
↽ij,kω

D0
kϑ





⇒ ω.

Letting I and J be as in the statement of the corollary, we have the the bound

max
i⇔K,j>K

1 → #(Dij)

1 → #



 max
k⇔K, ϑ>K:
↽ij,kω>0

Dij →
1

↽ij,kω
Dkϑ





⇒ 2(1 → #(D0
IJ)),
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from proof of Theorem 10. It is also the case that

max
i⇔K,j>K

1 → #(D0
ij)

1 → #



D0
ij → min

k⇔K, ϑ>K:
↽ij,kω>0

1
↽ij,kω

D0
kϑ





∈
1 → #(D0

IJ)

1 → #



D0
IJ → min

k⇔K, ϑ>K:
↽IJ,kω>0

1
↽IJ,kω

D0
kϑ





∈
1 → #(D0

IJ)

1 → #(D0
IJ →

1
↽IJ,IJ

D0
IJ)

= 2(1 → #(D0
IJ)),

so the two expressions are in fact equal. This is su”cient to imply the claim.

B.19.11 Proof of Corollary 6

Like in the proof of Corollary 5, we first argue for i, k ↖= j, ς that cij,kϑ = Cov(Xi→Xj , Xk→Xϑ) is always

non-negative. This follows because

cij,kl = (1 → 0)ϖ2Ii=k + (1 → 0)ϖ2Ij=ϑ ∈ 0

Then the proof essentially is then identical to that of Corollary 5. We only need to show that the indices

I and J of the observations inside and outside the top K that minimize

D0
ij =

Xi → Xj

vij
=

Xi → Xj√
2ϖ2 → 20ϖ2

over i ↑ S and j ↖↑ S are the indices of the Kth largest entry and (K + 1)st largest entry respectively. But

the above is clearly minimized if we take i to be the index of the smallest entry in S (i.e., the Kth largest

entry) and j to be the index of the largest entry outside of S (i.e., the (K + 1)st largest entry), so we are

done.

B.19.12 Proof of Corollary 7

Similar to the proof of Corollary 5, we first argue for i ↖= j, ς that cij,iϑ = Cov(Xi→Xj , Xi→Xϑ) is always

non-negative. We can compute

cij,iϑ = ϖ2
→ ϖ20|i→j|

→ ϖ20|i→ϑ| + ϖ20|j→ϑ|

When 0 ∈ 0 we have that cij,iϑ ∈ ϖ2(1 → 20). When 0 ⇒ 0, we have that cij,iϑ ∈ ϖ2(1 → |0|→ 02). Thus, as

long as 0 ↑ [ 1→
∝

5
2 , 1

2 ], we have cij,iϑ ∈ 0.

The identical argument to Corollary 5 then implies the result for when K = 1. The argument for

K = n → 1 is identical.

B.19.13 Proof of Corollary 8

We consider applying our method to the observation 2̂ while using the covariance & = 2̂/t → 2̂2̂↗/t.

Without loss of generality, suppose that 2̂ is in sorted order, so 2̂1 ∈ · · · ∈ 2̂n. Similar to the proof of
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Corollary 5, we first show for 1 ↖= j, ς that c1j,1ϑ = Cov(Xi → Xj , Xk → Xϑ) is always non-negative. This

follows as

c1j,1ϑ =
1

t
(2̂1(1 → 2̂1) + 2̂12̂j + 2̂12̂ϑ → 2̂j 2̂ϑ)

=
1

t
(2̂1(1 → 2̂1) + 2̂12̂j + (2̂1 → 2̂j)2̂ϑ)

∈ 0

Second, we note that since the 2̂ are in sorted order, the index J ↖= 1 that minimizes

D0
1j =

↓
t(2̂1 → 2̂j)√

2̂1(1 → 2̂1) + 2̂j(1 → 2̂j) + 22̂12̂j

=

↓
t(2̂1 → 2̂j)√

2̂1 + 2̂j → (2̂1 → 2̂j)2

is clearly J = 2. With these facts in places, an identical argument to that in Corollary 5 implies the result.
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Bruno Ordozgoiti, Sandra Gómez Canaval, and Alberto Mozo. Iterative column subset selection. Knowledge

and Information Systems, 54:65–94, 2018.
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de Medeiros, Ana Karla Silva Soares, Renan Pereira Monteiro, et al. A short version of the big five

inventory (bfi-20): Evidence on construct validity. Interamerican Journal of Psychology, 2021.

Roman Vershynin. High-dimensional probability: An introduction with applications in data science, vol-

ume 47. Cambridge university press, 2018.

Chi Wang, Maoguo Gong, Mingyang Zhang, and Yongqiang Chan. Unsupervised hyperspectral image band

selection via column subset selection. IEEE Geoscience and Remote Sensing Letters, 12(7):1411–1415,

2015.

Yining Wang and Aarti Singh. Provably correct algorithms for matrix column subset selection with selectively

sampled data. The Journal of Machine Learning Research, 18(1):5699–5740, 2017.

Hua-Liang Wei and Stephen A Billings. Feature subset selection and ranking for data dimensionality reduc-

tion. IEEE transactions on pattern analysis and machine intelligence, 29(1):162–166, 2006.

Samuel S Wilks. The large-sample distribution of the likelihood ratio for testing composite hypotheses. The

annals of mathematical statistics, 9(1):60–62, 1938.

Edwin B. Wilson. On hierarchical correlation systems. Proceedings of the National Academy of Sciences

of the United States of America, 14(3):283–291, 1928. ISSN 00278424. URL http://www.jstor.org/

stable/85427.

Daniela M Witten, Robert Tibshirani, and Trevor Hastie. A penalized matrix decomposition, with appli-

cations to sparse principal components and canonical correlation analysis. Biostatistics, 10(3):515–534,

2009.

Ming Yuan and Yi Lin. Model selection and estimation in regression with grouped variables. Journal of the

Royal Statistical Society Series B: Statistical Methodology, 68(1):49–67, 2006.

Dmitri V Zaykin, Lev A Zhivotovsky, Peter H Westfall, and Bruce S Weir. Truncated product method

for combining p-values. Genetic Epidemiology: The O!cial Publication of the International Genetic

Epidemiology Society, 22(2):170–185, 2002.

http://www.jstor.org/stable/85427
http://www.jstor.org/stable/85427


BIBLIOGRAPHY 189

Guangjian Zhang, Ge Jiang, Minami Hattori, and Lauren Trichtinger. EFAutilities: Utility Functions for Ex-

ploratory Factor Analysis, 2022. URL https://CRAN.R-project.org/package=EFAutilities. R package

version 2.1.2.

Qingyuan Zhao, Dylan S Small, and Weijie Su. Multiple testing when many p-values are uniformly con-

servative, with application to testing qualitative interaction in educational interventions. Journal of the

American Statistical Association, 114(527):1291–1304, 2019.

Hui Zou, Trevor Hastie, and Robert Tibshirani. Sparse principal component analysis. Journal of computa-

tional and graphical statistics, 15(2):265–286, 2006.

Tijana Zrnic and William Fithian. Locally simultaneous inference. The Annals of Statistics, 52(3):1227–1253,

2024.

https://CRAN.R-project.org/package=EFAutilities

	Preface
	Acknowledgments
	Introduction
	Interpretable dimensionality reduction
	Motivation
	Background

	Selective inference
	Motivation
	Background


	A covariance view of column subset selection
	Notation and preliminaries
	The equivalence of CSS and Principal Variables
	Scalable CSS without unit-level data
	Algorithms
	An example from BlackRock
	Other approaches

	CSS with missing and/or censored Data
	A simple simulation study
	An example with ozone level detection data


	A generative view of column subset selection
	CSS as maximum likelihood estimation
	The subset factor model
	Selecting the subset size
	A simulated example
	Reducing survey length via our procedure


	A simple and unifying framework for selective inference
	Notation
	Selective dominance
	Characterizing selectively dominant p-values and examples
	Example applications of selective dominance
	Publication-bias aware meta-analysis
	Some discussion

	Inference on winners via selective inference
	Conditional inference
	Confidence regions for the winner
	More discoveries via the closure principle

	Conditioning can gain power
	Power of the conditional approach
	Comparison to locally simultaneous inference
	The (seeming) necessity of conditioning

	Hybrid inference
	Confidence regions
	Comparison to the union bound
	Applying the closure principal


	Rank verification via selective inference
	Overview of approach
	Main results
	Getting lower confidence bounds
	Some special cases

	Related work
	Applications
	Ranking large language models from user preference data
	Ranking ResNet models 
	Ranking clutch basketball players

	Rank verification in exponential families

	Supplementary material relating to column subset selection
	Additional simulation details and results
	Missing data simulation setting
	Simulation setting for selecting subset size
	Additional simulations for selecting subset size
	Selecting subset size with a forward-backward algorithm

	More on selecting the appropriate subset size
	A finite-sample test when the unique factors are Gaussian
	An asymptotic test for the subset factor model
	Examination of the selected subset
	The PCSS model

	Efficient subset search for other objectives
	The high-dimensional consistency of CSS
	Central argument
	Establishing tail bounds
	Estimation with mean

	Additional theoretical results
	Estimation error of regression coefficients
	Selecting the best subset

	L2 Random variables as a Hilbert space
	Proofs and derivations
	Proof of Lemma
	Proof of Theorem
	Proof of Corollary
	Proof of Proposition and Proposition
	Proof of Theorem
	Proof of Theorem
	Proof of Theorem
	Proof of Lemma
	Proof of Lemma
	Proof of Lemma
	Proof of Lemma
	Proof of Theorem
	Proof of Lemma
	Proof of Lemma 
	Proof of Proposition
	Proof of Lemma
	Correctness of subset search algorithms
	Proof of Proposition
	Proofs of finding best subset


	Supplementary material relating to selective inference
	Permutation test p-value
	F-test p-value
	Selective dominance and independence
	Data carving for the file-drawer problem
	More info on data splitting, carving, fission, and thinning
	Post selection inference for the LASSO
	Comparing conditional and simultaneous inference
	Conditional inference on winners
	Standard derivation
	The p-value viewpoint
	Monotonicity of the selective p-value
	The conditional LCB and CI for MLR families
	Distance between winner and conditional LCB 

	Conditional inference on winners for exponentials
	Hybrid inference on winners
	Standard derivation
	The p-value viewpoint
	The hybrid LCB and CI for MLR families
	Distance between winner and hybrid LCB

	Comparing hybrid inference to the union bound
	Number of ties in rank verification
	Selective p-value for rank verification in exponential families
	Rank verification additional details
	Selective dominance and one-sided testing
	MLR Families
	Exponential families
	Monotonicity of selective MLR p-values

	Selecting multiple p-values for inference
	Adaptive versions of Fisher's combination test
	Proof of cor:cfisher
	Proof of cor:tfisher

	Simultaneous approach
	Tukey's test
	A refinement of Tukey's HSD

	Confidence lower bound for rank verification
	Proofs
	Proof of thm:adjustment
	Proof of thm:density
	Proof of cor:hyb
	Proof of cor:condclosed and cor:hybclosed
	Proof of thm:condpower
	Proof of thm:lsipower
	Proof of prop:marginal
	Proof of thm:method
	Proof of thm:interpretation
	Proof of cor:independence
	Proof of cor:equicorrelation
	Proof of cor:autocorrelation
	Proof of cor:multinomial



